FACTORIZATION AND QUADRATIC FORMULA
Dear Reader
There are large numbers of topics in class XI where you need to apply various methods
of factorizing polynomials like splitting the middle term, Using Factor Theorem, zeroes
of a polynomial and Quadratic Formula. Some of such topics in class XI are Relations
and functions, Complex Numbers, Permutations and Combinations, Binomial Theorem,
Sequence and Series, Straight Lines, Conic Sections, Limits and Derivatives etc. So, you
are requested to revisit and revise all the important terms, concepts and methods.
Some of the terms and solved examples are given below for your ready reference
followed by worksheets. You are also provided with links to some interactive and
interesting websites and YouTube videos where you can have more practice and
understanding.
Let’s recap some basic terms and concepts.

Constant and Variable
1
A constant is a value which remains fixed e.g. 3,  , S etc., whereas a variable is
2
represented by a symbol which can have different numerical values e.g. if r is the
radius of a circle, then its area is given by A  S r 2 . Here r is a variable which will assume
the value of the radius of that circle whose area is to be found.

Algebraic Expression
An expression containing or using only algebraic symbols and some or all algebraic
operations of addition (+), subtraction (-), multiplication (  ), division (  ), extraction of
roots, raising to integral and fractional powers is called an Algebraic Expression.
For example 2 x 3  5 x , 5 xy  x 3 , y 

1
etc.
y2

Polynomial
An algebraic expression in which the exponent of variables are whole numbers is
known as a Polynomial.
2

For example, 5 x 2  3 is a polynomial in one variable x , x3  5 xy  y3 is a polynomial in
two variables x and y .
1
Now consider algebraic expressions such as x  , x  4, 3 x  x 2 . We can write
x
1
x   x  x 1 . Here, the exponent of the second term, i.e., x 1 is –1, which is not a whole
x
number. So, this algebraic expression is not a polynomial in x. Again, we can write
1

x  4  x 2  4 . Here the exponent of x is
not a polynomial in x? What about

3

1
, which is not a whole number. So,
2

x  4 is

x  x 2 ? No, it is also not a polynomial in x. (Why?).

Let us now define a general polynomial in one variable as follows:
Let x be a variable, n be a whole number and a0 , a1 , a2 ,..., an be constants (real numbers).
Then an x n  an 1x n 1  an  2 xn  2  ...  a1 x  a0 is known as a polynomial in the variable x .
Degree of a Polynomial in one variable:
The exponent of the highest degree term in a polynomial with non-zero coefficient is
known as its degree. For example, the degree of f x  3x 4  2 x3  x 2  2 x  5 is 4. The
degree of constant polynomials, except for the polynomial 0, such as 5, -2, … is 0. The
degree of the polynomial 0 is not defined.
Linear Polynomial:
A polynomial of degree one is known as a linear polynomial. For example, f x  3x  5
is a linear polynomial.
Quadratic Polynomial:
A polynomial of degree two is known as a quadratic polynomial. For example,

f x  4x 2  7 x  8 is a quadratic polynomial.
Zeroes of a Polynomial: A real number D is a zero of the polynomial

f x  an x n  an 1 xn 1  an  2 xn  2  ...  a1 x  a0 if
f D  0 i.e. anD n  an 1D n 1  an  2D n  2  ...  a1D  a0  0
3

Factorization
The process of expressing a given algebraic expression as a product of algebraic
expressions, each of degree less than that of given algebraic expression, is called
factorization.
When we factorize an algebraic expression, we write it as a product of factors. These
factors may be numbers, algebraic symbols or algebraic expressions.
Expressions like 4 xy , 2 y x  2 ,3 x 1 2 y  3 are already in factored form. On the other
hand consider expressions like 4 x 12, x 3  4 x , x 2  5 x  6 .It is not obvious what their
factors are. We have already developed few systematic methods to factorize these
expressions in class IX and class X.

Identity
An identity is an equality that holds true regardless of the values chosen for its
variables. They are used in simplifying or rearranging algebra expressions. For
example, the identity

2

a  b  a 2  2ab  b 2 is true for all the values chosen for a and b .

Some other identities are:
2

a  b  a 2  2ab  b 2

a 2  b2  a  b a  b
a 3  b 3  (a  b )(a 2  ab  b 2 )
a 3  b 3  ( a  b )( a 2  ab  b 2 )

ab

3

 a 3  3a 2b  3ab 2  b3

a b

3

 a 3  3a 2b  3ab 2  b3

abc

2

 a 2  b 2  c 2  2ab  2bc  2ca

a 3  b 3  c 3  3abc  a  b  c a 2  b 2  c 2  ab  bc  ca

4

Solved Examples\Various Methods for Factorization
(a)

Method of common factors
Example 1: Factorize 5 xy  15 y
Solution:
5 xy  15 y  5 y x  3
Example 2: Factorize 27 x3 y  81x 2 yz
Solution:

27 x 3 y  81x 2 yz  27 x2 y x  3z
(b) Factorization by regrouping terms
Example 3: factorize 6xy – 4y + 6 – 9x
Solution:
6xy – 4y + 6 – 9x
= 6xy – 4y – 9x + 6
= 2y (3x – 2) – 3 (3x – 2)
= (3x – 2) (2y – 3)
Example 4: Factorize x3  2 x2 y  3xy 2  6 y3
Solution:
x 3  2 x 2 y  3 xy 2  6 y 3
 x3  2 x 2 y  3xy 2  6 y3
 x2 x  2 y  3 y2 x  2 y
 x  2 y x 2  3 y2
(c)

Factorization using identities:
Example 5: factorize 4 x 2 12 x  9

5

Solution:
4 x 2  12 x  9
2

 2 x  2 2x 3  3

2

2

 2 x  3  2x  3 2x  3
Example 6: Factorize x8  y 8
Solution:
x8  y 8
 x4

2

 y4

 x4  y 4

2

x4  y 4

 x 4  y 4  x2

2

2
 y2 

 x4  y 4

x2  y 2

x 2  y2

 x4  y 4

x2  y 2

x y x y

Note: x2  y 2 and x 4  y 4 can’t be factorized further in the set of real numbers.
Yet these factors can be further factorized in the set of complex numbers, about
which you will study later.
(d) Factorization using splitting the middle term
Let x2  bx  c be a quadratic polynomial and

x  p and x  q are other two

polynomials such that
x 2  bx  c  x  p x  q
 x 2  p  q x  pq
Comparing the coefficients of like terms, we get p  q  b and pq  c
So, in order to factorize quadratic polynomial x2  bx  c , we have to find two terms
p and q such that p  q  b and pq  c .
Let us understand this process by considering an example.
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Example 7: Factorize: x2  7 x 12
Solution:
We note 12 = (-3) x (-4) and (-3) + (-4) = -7. Therefore,

Example 8: Factorize 12 x2  25 x 12
Solution:
Observe that here coefficient of x2 1 .
Here we find two numbers such that their sum is 25 and product is 12 12 144 .
Clearly,

.

12 x 2  25 x  12
 12 x 2  16 x  9 x  12
 4 x 3x  4  3 3 x  4
 3x  4 4 x  3
(e)

Factorization using completing the square
Example 9: Factorize x 2  7 x 12
Answer: Consider x 2  7 x 12
1
adding  coeff.of
2

x2  7 x 

2

2

49

1

x  i.e.
 7
 to both sides, we get
2
4


49 49
  12
4 4
2

7  97

 x  
2
4

2

2
7   97 

  x    

2   2 


7
97 
7
97 
  x  
x




2
2 
2
2 
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(f)

Factorization using Factor Theorem
Factor Theorem: If p(x) is a polynomial of degree n 1 and a is any real number,
then

(i ) x  a is a factor of p x ,if p a  0, and
(ii) p a  0 ,if x  a is a factor of p x

Factor theorem can be used to factorize some polynomials. For this purpose, we
try to find an integral zero of the polynomial. As soon as we get a zero of a
polynomial, we get one of the factors of the polynomial. We repeat this process
until we get a polynomial which can be further factorized easily.
Method
(i)

Obtain the given polynomial p x .

(ii)

Obtain the constant term in p x and find its all possible factors.

(iii) Take one factor, say a1 and replace x by a1 . If p a1  0, then x  a1 is one of the
factor of p x . Otherwise, take another factor say a2 and continue this process
till you get as many factors as degree of the polynomial. Let

x  a1 , x  a2 , x  a3 ,... are factors of p x .
(iv) Now, put p x  k x  a1 x  a2

x  a3 ..., where k is a constant term whose

value is to be determined.
(v)

Substitute any value of x other than a1 , a2 , a3 ,... in the equation obtained in the
step (iv) and get the value of k .

(v)

Substitute the value of k in p x  k x  a1 x  a2

x  a3 ...

Let us consider the following solved example.
Example 10: Factorize p x  x 2  2 x  15 using factor theorem.
Solution: Here coefficient of x2 is 1. Integral factors of  15 are 1,  3,  5,  15 .
We observe that p 3  32  2  3 15  0 x  3 is a factor of p x .
8

2

Also, p 5  5  2  5 15  0 x  5 is also a factor of p x .

x 2  2 x  15  x  3 x  5
Example 11: Factorize f x  x3  6x 2 11x  6 using factor theorem.
Solution:
We shall now look for all the factors of constant term, which is 6 here. Factors of
6 are  1,  2 ,  3,  6 . Putting x 1 in f x , we have f 1  0 , so x 1 is a factor of

f x .
Dividing

f x by

x 1 , we get

f x  x  1 x 2  5 x  6 . The expression

x 2  5 x  6 can now be factorized using splitting the middle term as x  2 x  3 .

So, f x  x 1 x  2 x  3
Example 12: Factorize p y  2 y3  y 2  2 y 1 using factor theorem.
Solution:
Here we observe that p 1  2 1  12  2 1  1  0 .  y  1 is a factor of p y .
3

Dividing p y by y 1 , we get
p y  y 1 2 y 2  3 y 1
 y 1 2 y 2  2 y  y  1
 y  1 2 y y  1 1 y  1 
 y 1 y  1 2 y  1

Equation
An Equation is an equality containing one or more variables which may be true for
some values of the variable. Solving the equation consists of determining the values of
the variables which when substituted for the variables make the equality true.
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Linear Equation:
An algebraic equation in which the highest degree term in the variable or variables is of
the first degree. For example ax  b  0; a 0, ax  by  c ; at least one of a or b is non-zero.
Note that 2 x  5 y  3 xy  0 is not a linear equation as it contains the product of variables
x and y .
Quadratic Equation:
A quadratic equation is an equation of the second degree, meaning that the highest
exponent is 2. The standard form of a quadratic equation is ax 2  bx  c  0, a 0 with
a , b and c being constants, or numerical coefficients, and x is an unknown variable.
If we can factorize ax 2  bx  c , a 0 into a product of two linear factors, then the roots of
the quadratic equation ax 2  bx  c  0, a 0 can be found by equating each factor to zero.
Solution of a Quadratic Equation by the Method of Completion of Squares
Consider the following Quadratic Equation x2  3x 18  0
Now, x2  3x 18  0  x 2  3x 18
1
adding  coeff.of
2

2

2


1
 9
x  i.e.
 3  to both sides, we get
2
4
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Now consider the quadratic equation in general form ax 2  bx  c  0, a 0
b
c
Divide both sides by a , we get x 2  x  
a
a
1
Adding  coeff.of
2

2

2


 b 
x  i.e.   to both sides, we ge

 2a 

2

2

a

a

a

b  b 2  4ac b  b 2  4ac
,
Hence the roots of the given quadratic equation are x 
.
2a
2a
Here, d  b2  4ac is known as discriminant.

Solving Quadratic Equation
(a)

Solution of a Quadratic Equation by Factorization:
Example 13: Find the roots of the equation x 2  7 x 12  0 by factorization.
Answer: x2  7 x 12  0  x  3 x  4  0  x  3, x  4

(b) Solution of a Quadratic Equation by the method of completing the squares
Example 14: Find the roots of 2 x 2  7 x  3  0 (if exists) by the method of completing
the squares.
Solution:

dividing both sides by 2
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x ie

Example 15: Find the roots of 2 x 2  x  4  0 (if exists) by the method of completing
the squares.
Solution:

2 x2  x  4  0
 2 x2  x  4
x
 x2   2
2
1
adding   coeff.of
2

2

2


1 1
x  i.e.    , to both sides

2 2

x 1
1
 x2    2 
2 16
16
2
1   33 

  x    

4   4 


1
x 
4
1 
x
4
1 
x
4

2

33
4
33
33

or

1  33
4

Solution of a Quadratic Equation by using Quadratic Formula.

12

If

2
ax 2  bx  c  0, then x  b  b  4ac

2a

Example 16: Solve x 2  3x  4  0 using quadratic formula.
Solution:
Here a  1, b   3, c   4 , so x 

3

2

3  4 1 4
2 1



35
 4 or  1
2

Difference between Zero and a Root
In general, we say that a zero of a polynomial p(x) is the number a such that p(a) = 0. You
must have observed that the zero of the polynomial x – 2 is obtained by equating it to 0,
i.e., x – 2 = 0, which gives x = 2. We say p(x) = 0 is a polynomial equation and 2 is the
root of the polynomial equation p(x) = 0. So we say 2 is the zero of the polynomial x – 2, or
a root of the polynomial equation x – 2 = 0.
In general, a real number D is called a root of the quadratic equation ax 2  bx  c  0, a 0
if aD 2  bD  c  0 . We also say that x  D is a solution of the quadratic equation, or that
D satisfies the quadratic equation. Note that the zeroes of the quadratic polynomial

ax 2  bx  c and the roots of the quadratic equation ax 2  bx  c  0 are the same.

SOME USEFUL WEB LINKS
Factorization
Finding common factors and making use of standard identities:
https://www.mathsisfun.com/algebra/factoring.html
Quadratic Equation
Quadratic Equation – standard form and methods to solve it:
https://www.mathsisfun.com/algebra/quadratic-equation.html
Input a , b , c in ax 2  bx  c  0 to get its solution:
https://www.mathsisfun.com/quadratic-equation-solver.html
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Factoring Quadratic Equation by observation and hence using formula:
https://www.mathsisfun.com/algebra/factoring-quadratics.html
Method of completing the square:
https://www.mathsisfun.com/algebra/completing-square.html
Solved examples using Quadratic Formula:
http://www.purplemath.com/modules/quadform.htm
Factoring Quadratic – Solved examples
http://www.regentsprep.org/regents/math/algebra/ae5/lfaceq.htm
Youtube Videos


https://www.youtube.com/watch?v=ZQ-NRsWhOGI



https://www.youtube.com/watch?v=AMEau9OE6Bs



https://www.youtube.com/watch?v=3ayhvAI3IeY



https://www.youtube.com/watch?v=iII7E1m6f9M



https://www.youtube.com/watch?v=1tIXSI-dxZQ



https://www.youtube.com/watch?v=fBwRstnyOq4



Using factor theorem



https://www.youtube.com/watch?v=t9eKZG-QCZk



https://www.youtube.com/watch?v=SEfQWHwZcvU

DO IT YOURSELF
I.

1.

Few quadratic polynomials are factorized into their linear factors as given
below. Complete the table given below:
S. No.

Factor 1

Factor 2

1

x5

x7

14

Quadratic Polynomial

2.

II.

2

x5

x 7

3

x5

x 7

4

x 5

x7

Few quadratic polynomials are given below. Find their factors (if possible)
S. No.

Quadratic Polynomial

1

x 2  7 x 12

2

x 2  7 x 12

3

x 2  7 x 12

4

x 2  7 x 12

Factor 1

Factor 2

Observation

Factorizing using method of common factors, grouping of terms and using
identities
Factorize the following:
(ii)

a 2  b2  a  b

(iii) x2  xy  7 x  7 y

(iv)

15 xy  6 x  5 y  2

121x 2  81

(vi)

x4  2 x2 y 2  y 4

(vii) x3  27 y3

(viii)

x3
 y3
8

(ix) x4  4 x2  3

(x)

9 2x  y

(i)

(v)

4 x 2 y 12 xy 2

2

 4 2 x  y 13

III. Factorizing using splitting the middle term and factor theorem
Factorize the following:
(i)

x2  7 x 18

(ii)

15

x2  x  30

(iii) x2 12 x  27

(iv)

x2  2 x  99

x2 12 x  20

(vi)

9 x 2  3x  2

(vii) 3x 2  5x  2

(viii)

6 x2  5x  6

(ix) 15 x2  x  28

(x)

4 x 2  4 3x  3

(xi) x3  3x 2  9 x  5

(xii)

x3  6 x2  3x 10

(xiii) x3  4 x2 11x  30

(xiv)

x3 13x 2  32 x  20

(ii)

3x2  x  4  0

(iv)

x2 12 x  35  0

(vi)

x2  5x  5  0

(vii) 4 x 2  7 x 15  0

(viii)

6 x2  x 12  0

(ix) 3x2 16x 12  0

(x)

10 x 2  27 x 18  0

(xi) 15 x2  4 x  3  0

(xii)

3x2 13x 10  0

(xiii) 4 x 2 11x  20  0

(xiv)

9 x2  6 x  7  0

(v)

(xv) 2 x3  5x 2  x  6
IV. Solve the following equations:
(i)

x2  3x  28  0

(iii) x2  2 x  5  0
(v)

4 x 2  5x  6  0

(xv) 5x 2  3x  1 0

ANSWERS
I.

1.

(i)

x 2 12 x  35

(ii)

16

x2 12 x  35

(iii) x 2  2 x  35
2.

II.

(i)

(iv)

x2  2 x  35

(ii)

x  3, x  4


7
97  
7
97 
(iii)  x  
 ,  x  

2
2  
2
2 


(iv)


7
97  
7
97 
 x  
 ,  x  

2
2  
2
2 


4 xy x  3 y

(ii)

a b

(i)

x  3, x  4

a  b 1

(iii)

x 7 x  y

(iv)

3x  1 5 y  2

(v)

11x  9 11x 19

(vi)

x y

(vii)

x  3 y x  9 y  3xy

(viii)

(ix)

x2  1 x2  3

(x)

2 x  y  1 18 x  9 y 13

x  2 x 9

(ii)

x  6 x 5

(iii)

x3 x9

(iv)

x  9 x 11

(v)

x  2 x 10

(vi)

3 x  2 3x  1

(vii)

2

x 1  x  
3


(viii)

3 
2

 x   x  
2 
3


(x)


3 
3
x

 x 


2 
2 



(xii)

x 1 x  2 x  5

(xiv)

x  1 x  2 x  10

III. (i)

2

2

4 
7

(ix)  x    x  
3 
5


(xi)

x  1 x 1 x  5

(xiii) x  2 x  3 x  5
(xv)

3

x 1 x  2  x  
2
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2

x y

2

2
xy 
x
 x
2
  y   y  
2
2
 4

7,  4

4
3

(ii)

1,

(iii) 1 6 , 1 6

(iv)

5,  7

2,

3
4

(vi)

5  5
2

(vii) 3,

5
4

(viii)

3 4
,
2 3

(ix) 6, 

2
3

(x)

6 3
,
5 2

1 3
,
3 5

(xii)

5,

5
4

(xiv)

1 2 2
3

IV. (i)

(v)

(xi)

(xiii) 4,

(xv) No real roots
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PARTIAL FRACTIONS
Dear Reader
An algebraic fraction or a rational fraction can be, often, expressed as the algebraic sum of
relatively simpler fractions called partial fractions. The application of partial fractions lies in
evaluating the antiderivative of the rational functions, which is dealt with in std. XII.
Example 1:


  

≡


 

, which can be resolved into partial fractions as :

2  1
5
3


2 3
3 2
We will now explain how to carry out this process.
I)

A Brief Recap
Definition: An algebraic fraction or a rational fraction is a fraction in which the
numerator and the denominator are both polynomial expressions.
Example 1:


  

  

,     

The above fractions are called proper fractions as the degree of the polynomial in
the numerator is lower than the degree of the polynomial in the denominator.
Now consider the following fractions:
Example 2:

     
  

, 

In these cases, the degree of the polynomial in numerator is more than or equal to
the degree of the polynomial in the denominator.
Such fractions are called improper fractions.
II)

Expressing a Rational Fraction as the sum of its Partial Fractions
CASE I
We shall consider the case where the denominator is expressed as product of its
linear factors.
19



Example: Express   as the sum of its partial fractions.
Ans. To express this algebraic fraction as sum of its partial fractions, we would
first express the polynomial in the denominator as product of its factors i.e.
2   5  3 ≡ 2  1   3 .


Therefore, 



We may now write




 

Now,


≡


 


 

as sum of its components (proper fractions) as



≡  +  , where A and B are non-zero constants to be determined.


 

 





≡  + 
≡

 

(i)

 

 

As the denominators are same, we need to find the values of ‘A’ and ‘B’ for which


4−1    3   2  1



4−1     2  3  

Comparing the coefficients on both sides we get, 4 =   2;
Solving the equations simultaneously we get,

   and  

1  3  



Substituting in (i), we get

 



≡   +  ,

CASE II
We will now consider the case where the denominator in the fraction has a
repeated linear factor:
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Example: Express


   

as sum of its partial fractions.

Solution: We would first express the denominator in terms of product of its
factors, if possible.
The possible factors of      2 are   1    2
Therefore,   1      2 ≡   1



2

Therefore, the possible factors of the denominator are:   1 ,   1  ,   2 .
Now we may write our algebraic fraction as the sum of its partial fractions as:

   

≡







 






; where A, B, C are non-zero constants to be

determined (i)
NOTE: If in case the denominator in the above expression was taken to be
  1       2 , then its factors would have been   1 ,   1  ,  
1

   2 . and a fourth fraction



would
 

be added to the above, where D

would be another constant to be determined.
From (i) we get


  

≡

       
  

As the denominators are same we need to find the values of A and B for which


1  1 2  2 ! 1



(Note: We can also achieve the above equation by multiplying both sides of the
equation by   1    2


  1      !       2!  2  2  !

On comparing the coefficients we get,
A  C  0,

    2!  1,

 2  2  !  1
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Solving the above equations we get,
2
 ,
3

1
 ,
9

!

1
9

Substituting in (i) we get,
1
1
2
≡


1  2
9 1
3 1





1
9 2

CASE III
We will now consider the case in which the denominator is a quadratic term which
cannot be factorised further.
Example: Express


   

as sum of its partial fractions.

Solution:
The two denominators of partial fractions would be    1    1 .Here, the
quadratic polynomial can’t be resolved into further linear factors. We will now
express the given fraction as the following

   

≡




+


 

Note: The numerator of the fraction having the quadratic polynomial is a linear
polynomial in x.
=>


  



≡

"  #  
   



      1    !   1



           !    !

Comparing both sides, we get


0=

(i)
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1 =   !



0= A !



Solving (i) and (ii) simultaneously we get,

(ii)



1
1
1
;   ;! 
2
2
2

Therefore,

  




   

≡

/

+




//
 




≡        +    

CASE IV
We will now consider the case of improper fractions.
  $

Example: Express

 

as sum of its partial fractions.

In the above case we note that the degree of the polynomial in the numerator is
more than the degree of the polynomial in the denominator.
Degree of the numerator is 3; Degree of the denominator is 2
In such cases where the degree of term in numerator is more than or equal to the
degree of the denominator, we need to perform the long division first.
Therefore,

  $
 

Now, consider



≡ 2  1  


 







≡  + 

(ii)

Therefore, 11+4   2  1  


(i)

11+4   2    
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Comparing the coefficients on both sides we get:   4;
On solving we get,   4;

2    11

3

Substituting in (ii) we get:

 



≡  + 

Therefore (i) can be expressed as

+

NOTE: In general, in case of improper partial fractions, for example, the case
above, we may split it into partial fractions as:
Ans.

  $
 

≡  + B +






+ 

Then we may solve the above by comparing the coefficients on both the sides.
That is to say, that in case of improper fractions we can start writing the expression
in the decreasing powers of  to represent the quotient after division. In the case
mentioned above the degree of numerator is 3 and the degree of denominator is 2
so we start with the decreasing power of  starting with   as the difference in
the degrees of the polynomial in the numerator and the denominator is ‘1’ and
then solve the above.
Consider more such examples:
  
  

≡ +





+ ;


In this case, the degree of the numerator and denominator is 2, which is same so
we start with a constant to represent the quotient.
Considering yet another case,
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≡      ! +




%

+ ;

In this case, the degree of the numerator is 4 and the degree of the denominator is
2 so we start writing the expression in the decreasing powers of ′′ starting with
the degree 2.

DO IT YOURSELF
Express the following as sum of its partial fractions:
1)
2)
3)
4)
5)


  



  







    

    
  
  

Ans.
Ans.
Ans.
Ans.
Ans.
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REFERENCES


https://en.wikipedia.org/wiki/Partial_fraction_decomposition



https://en.wikibooks.org/wiki/Calculus/Integration.../Partial_Fraction_Decomp
osition
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SETS, INTERVALS, ABSOLUTE VALUE
FUNCTION AND INEQUALITIES
Dear Reader
In day to day life we speak of collection of objects such as the collection of the months in
a year, the collection of the novels written by the writer Mahadevi Verma, the collection
of the rivers of India and so on.
In mathematics too, we come across collections of numbers, functions etc., for example,
we have the collections of natural numbers, prime numbers, integers etc. The above
collections of objects / numbers are well defined as we can identify/ decide whether a
given particular object belongs to the collection or not.
Such a well-defined collection of objects is called a set.
Consider the cricket team of India comprising of 11 players.
It is a well-defined set as we can list the members of the team. But if asked to form a set
of the best batsmen that would not be possible as the degree of potential may be
measured in different spheres and vary from player to player.
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NOTE: The following may not be considered as a set:
I.

The collection of five most talented writers of the world, as the criterion for
determining the talented authors may vary from person to person.

II.

The collection of five intelligent students in a given class is also not a well-defined
collection as intelligence of a student may be measured in different spheres which
may vary from student to student.
There are two symbolic methods of representing a set:

I.

Roster or Tabular form
The objects/ elements/ members of a set are enclosed within the braces {},
separating them by commas.
Example: The set of Vowels, V = {a, e, i, o, u}. Here all the vowels are listed within
the braces.
NOTE: Sets are always denoted by capital letters.

II.

Set- Builder form
In this form we represent the elements of the set by using the symbol x (or y, z),
followed by ‘:’ or ‘|’ and then mention the characteristic property possessed by the
elements of the set. The whole description is then enclosed within the braces.
Example The set of Vowels, V = {x: x is a vowel} or V = {x | x is a vowel}. Here
only the characteristic property possessed by the elements is stated within the
braces.
Let’s try out some questions related to the representation of the sets. Also
represent the information graphically.
Question 1: Write the solution set of the equation   − 3 + 2 = 0.
Solution:   − 3 + 2 = 0
•

( − 1)( − 2) = 0

•

 = 1, 2
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Therefore, in the set notation the solution set is written as: A = {1, 2}.
On the real number line it may be represented as:

Question 2: Represent the set of all the integers from -1 to 3, both in the set
notation form and graphically on the number line.
Solution: Let us first form the set comprising of the above elements, which is,
A = {-1, 0, 1, 2, 3}.
Plotting on the number line, we get,

Let’s consider the following example of plotting the real numbers on the number
line from -1 to 3.
The set of real numbers from -1 to 3 is denoted by the set A = {y: -1 ≤ y≤ 3}.
In this set it is impossible to list the real numbers as, between any two real
numbers there lie infinite number of real numbers. Therefore, in order to denote
the above set we introduce the concept of intervals.
An interval is a set that consists of all real numbers between a given pair of
numbers. It can also be thought of as a segment of the real number line. An end
point of an interval is either of the two points that mark the end of the line
segment. An interval can include both end points (closed interval), neither of the
endpoints (open interval), one of the end points (semi closed or semi open
interval).

Types of Intervals
Open interval: An open interval does not include the end points and the exclusion of
the endpoints is indicated by round brackets ( ) in the interval notation, that is to say,
(a, b) where a<b. When represented on the real number line, the exclusion of the end
point is illustrated by an open dot.
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Example: The interval of numbers between -1 and 3 is written as the open interval (-1, 3)
= {x: -1 <x < 3}.
As a segment of the real number line, the representation is given by:

Closed interval: A closed interval includes the end points and the inclusion of the
endpoints is indicated by square brackets [ ] in the interval notation, that is to say, [a, b]
where a<b. When represented on the real number line, the inclusion of the end point is
illustrated by a closed dot.
Example: The interval of numbers from -1 and 3 (both endpoints included) is written as
the closed interval [-1, 3] = {x: -1 ≤x ≤ 3}.
As a segment of the real number line, the representation is given by:

The above cases deal with the intervals where either both the end points are included or
both are excluded. But there may be intervals where one of the the endpoints is
included and the other is excluded.
Semi–Open/ closed interval: When one endpoint of an interval is included and the
other is excluded, then the interval may have any one of the following forms:
(a, b]- ‘a’ excluded and ‘b’ included
Example: (-1,3] = {x: -1<x≤ }.
As a segment of the real number line, the representation is given by:

[a, b)- ‘a’ included and ‘b’ excluded
Example: [-1,3) = {x: -1 ≤ x< }.
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As a segment of the real number line, the representation is given by:

That is to say,
(a, b)

a<x<b

an open interval

[a, b)

a≤x<b

closed on left, open on right

(a, b]

a<x≤b

open on left, closed on right

[a, b]

a≤x≤b

a closed interval

These are intervals of finite length which is given by ‘b – a’.
We also have intervals of infinite length.
There are 4 possible "infinite ends":
Infinite intervals: Infinite intervals are those intervals that do not have an endpoint in
either the negative or positive direction. These intervals are given in the table below:
Interval

Inequality

(a, +∞)

x>a

greater than a

[a, +∞)

x≥a

greater than or equal to a

(-∞, a)

x<a

less than a

(-∞, a]

x≤a

less than or equal to a

We could even show no limits by using this notation: (-∞, +∞)
We can also have two (or more) intervals together.
Example:  ≤ −1   > 1
On the number line it may be represented as:
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(−∞, −] ∪ (, ∞)

In the interval notation it is expressed as:

NOTE: One must be very careful with the inequalities as above. The most common
mistake committed by students is that they may combine the inequality into one as:
− ≥

≥ (

)

This is meaningless as ‘ ’ cannot be less than -1 and greater than 1 at the same time.
BRIEF SUMMARY OF THE CONTEXT DISCUSSED ABOVE
INTERVAL
NOTATION

NUMBER LINE

SET- BUILDER
NOTATION

(a, b)

{:  <  < }

(a, b]

{:  <  ≤ }

[a, b)

{:  ≤  < }

[a, b]

{:  ≤  ≤ }

(−∞, ) ∪(b,
∞)

{:  <
} ∪{:  > }

(-∞, a] ∪ [b,
∞)

{:  ≤
} ∪{:  ≥ }

(-∞, a) ∪ [b,
∞)

{:  <
} ∪{:  ≥ }

(-∞, a] ∪ (b,
∞)

{:  ≤
} ∪{:  > }

(-∞,∞)

R (The set of
Real numbers)
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Absolute Value or Modulus of a Real Number
We would like to recall what you mean by the absolute value of a real number!
Absolute value of a real number describes the distance of the point from 0 on the real
number line without considering the direction from zero on the number line.
The absolute value of a number a is denoted by |a| and is a non- negative number..
Example: |-54| = 54, |25|=25, |0|=0. The sign of the number depicts the direction of
the number from 0 on the number line, that is to say that -54, 25 and 0 are placed at a
distance of 54, 25 and 0 to the left, right and at 0 respectively on the number line.

Absolute Value Function
The absolute value function is the function f given by f( ) = | | and defined as:
 ℎ  > 0
f(x)=  0 ℎ  = 0
− ℎ  < 0
That is to say that the absolute value of
: when
0: when

equals:

is greater than zero(e.g. |4| = 4 as 4> 0)
equals 0

− : when is less than zero
(This "flips" the number back to positive, e.g. |-5| = -(-5) = 5, which is again positive)
Alternately, the modulus function can also be defined as: ( ) = √



, where, x ∈

R, the set of real numbers and f(x) is the corresponding non-negative real number.
Note: √ =   ! ± .
Graphically f(x) = |x| or y = |x| is represented as:
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x

-3

-2

-1

0

1

2

3

f(x)

3

2

1

0

1

2

3

We observe that the graph is V-shaped.
(1)

The vertex of the graph is (0, 0).

(2)

The axis of symmetry is the line x=0 or y-axis. (Axis of symmetry is the line that
divides the graph into two congruent halves)

(3)

The domain of the absolute value function is the set of all real numbers.

(4)

The range is the set of all non-negative real numbers (greater than or equal to 0).

(5)

The x-intercept and the y-intercept are both 0, that is, the points where the graph
cuts both the axes is origin.

Some useful properties of the modulus
Here are some properties of absolute values that can be useful:
i.

|a| ≥ 0

ii.

|a| = √

iii.

|a × b| = |a| × |b|

iv.

|u| = a is the same as u = ±a and vice versa; which is often the key to solving most
absolute value questions, i.e. if |u| = 4, then it would mean u = ± 4, as both u = 4
and u = -4 would give the absolute value as 4.
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Vertical Shift
To obtain the graph of the function g(x)=f(x)+k, where f(x) =|x|, you can translate the
graph of the absolute value function f(x) =|x|vertically.
i.

When k>0, the graph of f(x) is translated k units up.
Example: Plot the graph of the function g(x) = |x| + 3

ii.

When k<0, the graph of f(x) is translated |k| units down.
Example: Plot the graph of the function g(x) = |x| - 3
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Horizontal Shift
To obtain the graph of g(x) = f (x−h), where f(x) = |x| translate the graph of the
absolute value function f(x) = |x| horizontally.
i.

When h > 0, the graph of f(x) is translated h units to the right to get g(x)!
Example: g (x) = |x-3|; the graph of |x| is translated 3 units to the right.

ii.

When h < 0, the graph of f(x) is translated |h| units to the left to get g(x)!
Example: " ( ) = | + 3|
=> "( ) = | − (−3)|
The graph of |x| is translated 3 units to the left.
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Let us consider the following example with both the vertical and horizontal shift:
Example: Solve |x+2| = 4 and graph y = |x+2| - 4
Solution: |x+2| = 4
•

x + 2 =± 4

•

x + 2 = 4; x + 2 = -4

•

x = 2 ; x =-6

•

The graph would intersect the x- axis at 2 and -6.

And here is the plot of y=|x+2|−4, but just for fun let's make the graph by shifting
it around:

Start with |x| Then shift it left to make it |x+2|Then shift it down to make it
|x+2|-4

Absolute Value Inequalities
Case I: Linear Inequalities Involving <, ≤
We start off with a simple inequality, say, solve: || ≤ 3.
| | ≤ 3 means that  must have a distance of not more than 3 from the origin. This
means that x must be somewhere in the range from -3 to 3, i.e.
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|| ≤ 3

=> −3 ≤  ≤ 3.

Similarly with the inequality ′ < ′ we get a similar result:
| | < 3

=> −3 <  < 3.

Solve the following inequalities:
a)

|2x – 3| <11
•

− 11 < 2 − 3 < 11

Adding ‘3’ throughout, we get
•

−8 < 2 < 14

•

−4 <  < 7

The interval notation for this solution - set is (-4, 7).
Graphically it may be plotted as

b)

|5 − 3y| ≤ 7
−7 ≤ 5 − 3# ≤ 7
•

−12 ≤ −3# ≤ 2

•

−4 ≤ −# ≤

•

4 ≥# ≥ −

(subtracting 5 throughout the equation)


$


$

(Negative sign reverses the sign of inequality for e.g.3 < 4 => −3 > −4)


The interval notation for this solution - set is [− , 4].
$

Graphically it may be represented as:
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Case II: Linear Inequalities Involving >, ≥
We start off with a simple inequality, say, solve: || ≥ 3.
| | ≥ 3 means that  must be at least at a distance of 3 from the origin. This means that
x must be somewhere in one of the following two ranges,
≤ − 
| |≥ 

%&'*%-

≥
≤ −



≥

Note: The most common mistake committed by the students in the problems related to
this inequality in particular is that they combine these into a single double inequality
as:−3 ≥  ≥ 3, which isn’t valid as ‘x’ cannot be simultaneously both less than -3 and
greater than 3.
Similarly with the inequality ′ > ′ we get a similar result:
| |>3

%&'*%-

< −3



>3

Solve the following inequalities:
We may consider the above equations with different inequality:
a)

|2x – 3| > 11
•

2 − 3 < −11

•

2 < −8



2 > 14

•

 < −4



>7



2 − 3 > 11

The interval notation for this is given by(−∞, −4) ∪ (7, ∞).
The graphical representation is given by:

b)

|4 − 3/| ≥ 12
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•

4 − 3/ ≤ −12



4 − 3/ ≥ 12

•

−3/ ≤ −16



− 3/ ≥ 8

•

/ ≥

9;



$

/≤ −

?
$

In the interval notation it is given by

,

8
or
3

16
,
3

.

Graphically it is represented as:

NOTE:
i)

Solving the inequality | 2x + 5 | < -2 is not possible as the absolute value can
never be negative or less than a negative number.

ii)

On the other hand solving the inequality | x+5 | > -2 would always be true
for all real numbers x as the absolute value is always a non-negative number,
so is greater than every negative number.

Case III: Inequalities involving Poynomials of degree greater than 1:
Example: Solve

  − 12 < .

Step 1: Get a zero on one side of the inequality, i.e.
  −  − 12 < 0

(a)

Step 2: If possible factorise the polynomial, which might not always be possible, but
that won’t change things. (This step is only to simplify the process). We get
(b)

( − 4)( + 3) < 0
Step 3: Determine the points where the polynomial is zero.
We get the points as -3 and 4.
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Step 4: Mark these points on the number line. We observe that the line gets divided into
three regions which are as follows:
i.

(−∞, −3)

ii.

(−3, 4)

iii.

(4, ∞)

Step 5: Now pick up a test point from each of these regions. We’ll observe that the test
points either satisfy the inequality or they don’t. If the test point from a region satisfies
the original inequality, then that region is a part of the solution.
If the test point doesn’t satisfy the inequality then that region, to which this test point
belongs to, is not the part of the solution.
NOTE 1: If a point in the region satisfies (or doesn’t satisfy) the given inequality, then
all the points in the region will satisfy (or not satisfy) the inequality.
NOTE 2: When we pick a test point make sure that an easy number is picked to work
with. So, don’t choose large numbers or rational numbers other than integers unless the
problem itself forces you to do so.
NOTE 3: We should not be bothered about the value of the polynomial at the test
points; we just need to check the sign of the polynomial at the test points, e.g. the
product of two negatives is a positive etc. That is to say,
Zeroes of the polynomial: -3, 4

Testing Point

Verification

x <-3

(-∞, -3)

x = -4

positive

-3 < x < 4

(-3, 4)

x=0

negative

x> 4

(4, ∞)

x =5

positive
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As we need the interval which gives the values of ‘x’ where the inequality is negative,
therefore the solution of the above problem both in the interval notation form and
graphically is given by:
Ans. x ∈ (-3, 4)

Example: Solve:   − 7 ≥ −6
Solution:   − 7 + 6 ≥ 0
•

( − 1)( − 6) ≥ 0

The polynomial will be zero at x=1 and x=6.
Zeroes of the polynomial: 1, 6

Testing Point

Verification

x≤1

(-∞, 1]

x=0

positive

1≤x≤ 6

[1, 6]

x=2

negative

x≥ 6

[6, ∞)

x=7

positive

Note: Choose the test point which belongs to the corresponding open interval. The test
point must not be any of the end points of the corresponding interval.
As we need the interval which gives the values of ‘x’ where the inequality is nonnegative, the solution of the above inequality both in the interval notation form and
graphically is given by:
41

On the number line we may identify the solution to the above problem as:

In the interval notation the solution is: (−∞, ] ∪ [@, ∞)
Example: Solve:  A +  $ − 6  ≤ 0
Solution:

 A +  $ − 6  ≤ 0

•

  (  +  − 6) ≤ 0

•

  ( − 2)( + 3) ≤ 0

The polynomial is zero at x=-3, x=0 and x=2.
On the number line we may identify the solution to the above problem as:

In the interval notation the solution is: [-3, 2].

DO IT YOURSELF
Solve following inequalities and plot them graphically:
1)

| + 3 | > 4

Ans. (-∞, -7) ∪ (1, ∞)
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2)

|2 + 5| ≤ 7

Ans. [-6, 1]

3)

|5 − 3| + 2 < 7

Ans. (0,

4)

 −  − 2 ≥ 0

Ans. (-∞, -1) ∪ (2, ∞)

5)

2  −  ≤ 0

Ans. [0, ]

9B
$

)

9



REFERENCES
•

https://en.wikipedia.org/wiki/Set_(mathematics)

•

https://en.wikipedia.org/wiki/Absolute_value

•

www.purplemath.com/modules/ineqsolv.htm

•

https://www.purplemath.com/modules/absineq.htm
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WHAT IS FUNCTION?
Dear Reader
You desire to purchase school bags for winners of races held on the Annual Sports Day
of school. Cost of each bag is Rs.250. Total amount Rs. a to be spent on purchase will
depend on number of bags n required.
When n=1, a= 250
When n=2, a = 2(250) = 500
When n= 3, a= 3(250) = 750
So we can say that
a = n (250), where Rs. a is the amount spent and ‘n’ is the number of bags purchased.
So the relationship between amount and number of bags indicate that if in a machine
input of number of bags is processed it will come out as output in the form of amount to
be spent.
This machine mathematically is termed as Function.
A function is a special relationship where each input has a unique output.

That means a Function is an association between members of two sets A and B so that
for every member of set A there exists a unique member in set B.
A Function is generally represented as f(x) and we write y = f(x).
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This means that for every value of x inserted in equation y =f(x) we get a unique value
of y.
For example
For y = 3x + 1
When x = 0, y = 3(0) + 1=1
When x = 1, y = 3(1) + 1=4
When x = 2, y = 3(2) + 1=7
When x = 3, y = 3(3) + 1=10
Thus we can see that
•

x and y vary, so they are called variables.

•

Value of y depends on the chosen value of x. So x is called independent variable
and y is called dependent variable.

•

Collection of all possible values of x (the independent variable) is called Domain.

•

Collection of all values of y (the dependent variable) obtained is called Range.

In case of bag –amount function discussed above
•

The Collection of all natural numbers 1, 2, 3, ...., m is the domain as bags can be
counted as 1, 2, 3, ............, m

•

The Collection of all values obtained as amount to be given on purchase of bags
250, 500, 750……..is the range.
Domain = {1, 2, 3, ………, m}
Range = {250, 500, 750, 1000, ….., 250 m}

Is function an equation?
A Function always represents the relation between two variables through sign of
equality so we can say that function is an equation containing at least two variables
with real coefficients.
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Does every equation represent a function?
Observe the equation x2 +y2 = 2
For x =1, y = ± √ (2 – x2) = ± 1
Here for one value of x we are getting two values of y i.e. +1 and -1. This violates the
definition of a function. But, this equation represents two functions y = √(2-x2) and
y = -√(2-x2) Can we represent function graphically?
For a function y = f(x)
For all values of x in the domain of function we can find the corresponding value of f(x).
So, a function can be thought of a set of elements in the form of ordered pairs.
In above example y = 3x+1
For x = 0, y = 1
For x=1, y = 4 and so on.
So above function can be represented as { (0,1), (1,4), (2,7)……..}
These ordered pairs can be represented on a Cartesian plane.
Why is the graphical representation of a function required?
With the help of graphical representation we can
•

Locate all points satisfying the functional relationship.

•

Identify the domain and range.

•

Predict the nature and properties of function.

Before drawing the graph of a function it is important to understand some relevant
terms.
1.

Line of symmetry: line of symmetry divides the graph in two congruent parts.
Portion on one side of line of symmetry looks the mirror image of the portion on
the other side.
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Observe the axis of symmetry in the following graphs.

Figure 1

Figure 2

In figure 1 y-axis is the axis of symmetry while in figure 2 x-axis is the axis of symmetry.

Figure 3
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In figure 3 Graph is symmetrical about the line y=x.
Recall: In earlier classes you have learnt the drawing of graphs of linear equations.
For drawing graph you used to express linear equation ax+by +c =0 as y =

CDEF
G

.

Actually you were converting the equation in terms of function y = f(x). Review some of
them.
Function

Graph

y=x

Graph is line
passing through
origin (0,0) and
lies in I and III
quadrant.

DO IT YOURSELF
I.

Remark

Draw the graph of following functions:
1.

x=3

2.

y=0

3.

x=-5

4.

y=7

5.

y= -x

6.

y = 2x
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X 1

2 3

0

y

2 3

0

1

II.

7.

y = -2x

8.

y = x/2

9.

x = 3y

10.

Y = x+ 5

11.

y = 2x+5

12.

Y = -2x +5

Steps of drawing graph of a function y = f (x)
1.

Find the x- intercept and y intercept of y= f(x) :
•

x intercept can be determined by putting y =0 .

•

y intercept can be determined by putting x = 0

For example for function y = x2 -2
For x=0, y= -2 , so y intercept is -2 , which means that the curve passes
through ( 0,-2)
For y=0, x = ±√2, so x intercept is ±√2 , which means that the curve passes
through the points ( √2, 0) and ( -√2,0)
2.

Identify the Axis of Symmetry
•

If the power of x is even then graph of function y=f(x) is symmetrical
about y-axis.

For example,
Consider the function y= f(x) =3x2 + 2
When x is replaced by –x,
f (-x)= 3(-x)2 + 2= 3x2 + 2 = f(x)
This type of functions are called even functions.
We can say that
• Even functions are symmetric about y- axis.
• For even functions f(x) = f(-x) for all values of x in the domain of
function f(x)
• For even functions power of x is always even in expression of function.
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•

If the power of y is even then graph of function y=f(x) is symmetrical about xaxis. For example the graph of x= y 2 + 3 is symmetrical about x–axis

•

If in an equation representing the function y=f(x), x is replaced by y and y is
replaced by x and the resulting equation is same then graph of equation is
symmetrical about the line y= x

•

If in an equation representing the function x is replaced by -y and y is
replaced by -x and the resulting equation is same then graph of equation is
symmetrical about the line y=- x
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TRIGONOMETRY
Dear Reader
In your previous classes you have read about triangles and trigonometric ratios. A
triangle is a polygon formed by joining least number of points i.e., three non-collinear
points.
You also know that a triangle has six basic measures three sides and three angles. Based
on the measure of sides and angles you can construct triangles using geometrical tools
like foot rule, compass and protractor.
Also for the construction of a triangle all measures are not required. With the help of
some of the measures the construction could be possible.
With time it was found that in a right angled triangle by defining the ratios of different
sides of triangle a whole new branch of mathematics came into existence this branch is
known as Trigonometry.
You have learned in class IX and X about trigonometric ratios, identities and its
applications.
In class XI, we will now use the terms trigonometric functions and also extend our
understanding of trigonometry from right angled triangles to any triangle.
In this chapter you will learn the following:
(i)

Trigonometric functions as circular functions.

(ii)

Difference between trigonometric ratios and trigonometric functions.

(iii) Drawing of graphs of sine and cosine functions.
(iv) Advance applications of Trigonometry.

Meaning
The word “Trigonometry” is derived from two Greek words ”Trigon” meaning
triangle, and “metron” meaning measure. Hence, trigonometry means measurement of
triangles.
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Note: A triangle has six meassures: the sides of lengths a, b and c and thee angles A, B, C
in degrees or radians.

Question: Given some of thesse measures, find the others.
Method 1: Construct the trian
ngle on the basis of the given measures (it is
i assumed that
the given measures are enough for the purpose) and then find the other measures by
using isometric tools foot rulee, protractor D.
Method 2: Use trigonometry ----------- which is all about triangles
A big part of trigonom
metry consists of solving triangles, when we
w say solving
measures of the triangle we m
mean finding the missing sides and angles off the triangle.
Look at the following examplee in triangle ABC, ∠A=64r∠B=43r , side c = 8 cm.
Whereas angle C can be found
d by using ∠A  ∠B  ∠C  180r we neeed trigonometry
to find the measures of sides A
AC and BC
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Question: what is the minimum number of measures of a triangle that must be known
to find the other measures of the triangle?
Three, however they should not be all angles
(Why? Hint: Think of similar triangles).

Trigonometric Identities
Equations that are true for all permissible values of the unknown/s are called
Trigonometric identities.
Some of trigonometric identities are as follows:

tan

2

Law of Sines

or

Law of Cosines

or

cos A

2bc
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Law of Tangents

Note: Here a, b, c and A, B, C haave their usual meaning as mentioned earlier.
Why Do We Need to Study T
Trigonometry?
Trigonometry finds its app
plication in real life, most importantly, in navigation
especially in sea for ships and
d boats.

Trigonometry is used in meassuring distance of a shot put or spear throw
ws by an athlete
in a sports competition.
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OA, AB and ∠A becomes known. Now use trigonometry to find OB. (using computers
it becomes an instantaneous solution)
Advanced Use: Trigonometric ratios (sine, cosine, tangent) are used as functions and
then manipulated using algebra.
Applications: Trigonometry is applied in Electronic circuits and mechanical
engineering. Graphs are drawn and used to analyze things like motion and waves. For
example, a radio or sound wave can be described by an equation of the type Y = A sin
(Bx + C).
Circular functions: We begin with any circle and then introduce unit circle. The
advantage with unit circle is that we can measure sine, cosine, and tangent directly; the
radius being 1. As we move along the circle we get different angles and the process
continues even after we complete one full round.
The values now start replicating to what we have already got, i.e. we get repeating
pattern.
When we move anti-clock wise along the circle the angle is positive and as we move
clock wise the angle measure is negative.
It  is more than 3600 (2π radian) we subtract 3600 (or one full rotation ) or as many full
rotations as needed to make it less than 360 0(but more than 00). sin  will have the
same value as sine of new angle thus obtained.
It , to begin with is negative we add as many full rotations needed to make it more
than 00 ( but less than 3600 ) to calculate its sines and cosines.
Graphs of sine and cosine functions
Let T be a unit circle i.e, a circle with radius 1 unit. Let R be the real line. Let us observe
the following:
1 : The positive side of the real line from O to +∞ can be wrapped around the unit circle
in the anticlock wise direction infinite number of times with point O of the real line
coinciding with point A of the circle.
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2: The negative side of the reaal line from O to - ∞ can be wrapped around
d the unit circle
in the clockwise direction with point O of the real line coinciding with
h point A of the
unit circle.

sin (2  ) = sin x where n = 0, 1, 2, 3,……
Hence the value of sine of all n
numbers on the real line can be obtained this and its graph
can be drawn.
The graph looks like as shown
n

similarly the graphs of cosine and tangent functions can also be drawn.
Applications: Recall that wee have used a right angled triangle (also
o called a right
triangle) to define sine, cosinee tangent etc. it is natural to ask, can we use these to find to
side length of a right triangle??
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In case we are given or wee know two of the sides of right triang
gle we can use
pythagoras’ theorem to find th
he third side

if we know two of these valuees a,b,c we can use (1) to find the third
what happens in case we kno
ow only one of the sides and one of the ang
gles (and hence
all the angles ) of a right trian
ngle. We can’t use the pythagoras’ theorem now. However
we can use trignomentric ratio
os to find the remaining sides.
For example if one side is 5 u
units and one angle is 47 0 as shown we can find x and y as
follows:
sin 470 = 5/y so y = 5/sin4470, But sin 470 = 0.73135 approx hence y=
y 5/ 0.73135 =
6.83667, we can now find x ussing x/y = cos 470 or 5/x = tan 470

Example: If you are standing at a distance of 30 ft from the base of a building and if you
have to look up at 57° (called
d the angle of elevation) to see the top of th
he building can
you find the height of the buillding?
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The answer is yes. we consid
der the right triangle ABC. Here h/30 = tan
n 57 0 = 1. 0723
approx. so h = 30 x 1.0723 so h
height of the building is 32.169 ft approxim
mately.
Example: With dimensions as shown in the figure and with AD perpen
ndicular to BC,
find the value of x

Example: If the shadow of a b
building increases by 20 meters when the an
ngle of elevation
of the Sun rays decrease from
m 750 to 600. What is the height of the building
g?
Example: Pushpendra is froliccking in a hot air balloon. He can enjoy the ride for half an
hour more if he can tell the diistance between a flag pole and a car parked
d on the ground
below. He asks the pilot to ccome directly over the flag pole and start rising
r
vertically
upward. He observes the follo
owing:
At some point during his rid
de the angle of depression of the car is 30 0. He allows the
balloon to rise further 60 meeters and observes that the angle of depreession has now
become 350. He thinks he hass sufficient data to answer the question. Draw
D
a diagram
and solve the problem for pusshpendra.
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FRAMES OF REFERENCE
Dear Reader
The concept of frames of reference is a fundamental and useful concept for our
understanding of nature and natural phenomena. It is an extremely important concept
for describing, and analyzing, the details of motion of different objects.
How do we (usually) define motion? We say that an object is in motion if its position,
with respect to its immediate surroundings is changing with time. It is regarded to be
"at rest" if there is no change in its position, "with respect to its immediate
surroundings", over the span of time its position is being observed.
It is important to appreciate the need of using the words, "with respect to its immediate
surroundings", in our definitions of the states of rest, or motion, of a given object. These
words imply that we need to have "something to refer to", to decide, whether a given
object, at a given time, is "at rest" or "moving". This "something to refer to" is, informally
speaking a "frame of reference" for the object under consideration.

Understanding more about Frame of Reference
We give a formal meaning to the term "frame of reference", by using the concept of
"co-ordinate axes" that we use in co-ordinate geometry.
Let us first consider the simplest case of locating, and specifying, the position of a point
on a given straight line. For this purpose, we take some specific point, on the given
straight line, as our reference point, or as the origin. We can then locate any point, on
this line, by simply knowing its distance from the origin. The ambiguity, about whether
this distance is to be measured to the right or the left of the origin, is removed by using
the positive (+) and negative (-) signs. A positive sign, attached with the measure of the
distance, implies that the point is located to the right of the origin. A negative sign, on
the other hand, implies that the point is located to the left of the origin.
The measure of the distance, (along with its attached (+) or (–) sign), is said to define the
one co-ordinate, needed to specify the location of a point, on a given line.
Let us next see how we specify the position of an object, say a tiny cube, on the floor.
We can take two mutually perpendicular lines - like the edge lines of the floor with two
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adjacent walls - as our "referrence lines", or as our axes of co-ordinates. We can then
uniquely and unambiguously
y, specify the position of the tiny cube, on the floor, if we
know its perpendicular distan
nces (say a and b) from each of these two refference lines, or
axes of co-ordinates. A different set of values, of these two perpendiccular distances,
would locate a different pointt on the floor.

We call the pair of values (liike a and b), of these two perpendicular distances,
d
as the
co-ordinates of the point, being
b
specified, and located, on the flo
oor. These two
co-ordinates are usually know
wn as the 'x' and 'y' co-ordinates of the conceerned point.
We thus realize that we can lo
ocate a point, on a plane, (like the floor) by:
(i)

Taking a pair of mutuallly perpendicular, adjacent, lines as our co-o
ordinate axes or
axes of co-ordinates.

(ii)

Knowing the perpendicu
ular distances, of the given point, from each of the two axes
of co-ordinates.

It is useful and relevant to reemember that here, the 'point of intersectiion', of the two
'co-ordinate axes', is taken as tthe origin.
The combination of the oriigin and the two co-ordinate axes, defin
ne a frame of
reference, for a (given) plan
ne. The diagram given below, shows such a 'frame of
reference', in the X-Y plane.
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A Frame of Reference, in two dimensions, or, in a plane. (This plane is reeferred to as the
X-Y plane).

The General Case
The general case, of course, would be to define the frame of referencce for an object
located anywhere in space. C
Consider, for example, the case of differeent objects in a
room. To specify their locatio
on, we would, now need not only their two
o perpendicular
distances (from two mutually
y adjacent perpendicular lines on the floor)), but also their
height above the floor. We thus need a set of three distances (say a,
a b, and c) to
completely specify the locatio
on of a point, "in space". These three distancces, are referred
to as the three coordinates (th
he x, y and z coordinates) of the given point, in space.
It is easy to realize that (just as we need a set of two co-ordinates axess to specify the
location of a point in a given
n plane), we would need a set of three co
o-ordinate axes
(usually called the x, y and z axes)
a
to specify the location of any point, in
n a given region
of space. All these three co-orrdinate axes are drawn from a common refeerence point, or
a (given) origin of co-ordinatees. The three co-ordinates (x, y, z), of a giveen point, are the
three perpendicular distancess, of the given point, from these three co-ord
dinate axes.
The set of three co-ordinate axes (having a common intersection poin
nt, or ORIGIN),
chosen in a given region of space, defines the 'frame of reference' forr that region of
space. We can use this 'framee of reference' (i) to specify the location of different
d
points
in that region of space and (iii) to describe and analyse, the details of mo
otion of a given
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object in that region of sp
pace. It is important, however, to remem
mber that this
description, and analysis, is o
only with respect to the chosen 'frame of reeference'. It can
change if a different 'Frame of reference' is chosen for this purpose, by a different
observe.

A set of three co-ordinate aaxes, (along with their origin point) defin
nes a 'frame of
reference' in space, or as we offten say, 'THREE DIMENSIONS'.

The Right Hand Conventtion
We have noted, in the case off location of a point along a straight line, th
hat we assign a
(+) sign to distances to the right of origin, and a (–ve) sign to distancees to the left of
origin. We can easily realize that
t
there is a need for a similar sign conve
ention, for each
of the three co-ordinate axes, for a frame of reference in three dimension
ns. There is also
a need for a standard conv
vention, for specifying the three co-ordin
nate axes in an
unambiguous manner. For ex
xample, if we have specified the x and y ax
xes on the floor,
do we take the z-axis directed
d upward, above the floor, or directed dow
wnwards below
the floor?
To remove such ambiguities aand to have a standard way of specifying th
he three axes, it
has been decided to have a staandard convention has been adopted for thiis purpose. This
standard convention, called th
he 'Right hand Convention' goes like this:
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Draw a line on the 'floor' (i.e.,, a plane, suitable for the given situation) an
nd mark a point
on it as the origin. Next draw
w a line, perpendicular to this line, from the origin. The
sense, of an anticlockwise rottation, from the right hand side of the first line,
l
is taken as
the positive direction of this seecond axis.

Next imagine that a screw is h
held in the right hand with its tip at the orig
gin, and with its
length perpendicular to the flloor (i.e. the chosen suitable plane). Imagin
ne this screw to
be rotated, from the first to tthe second axis, i.e. the anticlockwise sensse. The sense of
advancement of this screw, is then taken as the positive direction of the th
hird axis.
The three axes, drawn in thee way described above, are known as the x, y and z axis
respectively. The 'right hand rule' (or anticlockwise rotation rule), descriibed above, can
then be pictorially represented
d as shown below.
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The set of x, y and z axes, drawn as per this right hand convention, is the appropriate,
(three dimensional) (3D) frame of reference, for a given system, or situation, or 'set up'.

Selecting an appropriate "Zero" of Time
Suppose we have to describe / analyse the motion of a given object that has been at rest
for quite a while. It is appropriate then to think, and take, about the motion of this
particle only from the time if starts moving.
It is usual to take the starting instant, of observing the motion of some given object, as
the "zero" of time for describing its motion. We can the observe / analyse the motion of
the object at a time 5, 10, 15, ........ etc. seconds later than its starting instant.
It is important to note that the object need not always be at rest at t = 0. For example, for
a moving car, we may think of describing its motion from the time it has a speed of 40
km/hour to a time when it acquires a speed of 60 km/hour. The zero of time here is the
time when its speed is 40 km/hour. Thus, for this car, speed, at t = 0, is 40 km/hour and
not zero.
The choice, of the 'frame of reference' (a suitable set of x, y and z axes for the given
system / object) and an appropriate zero of time, enables us to fully understand, and
analyse, the motion of a given object, moving under its relevant conditions.
The complete frame of reference, therefore, may, therefore, be said to include:
(i)

The three co-ordinate axes, chosen appropriately, as per the right hand convention.

(ii)

An appropriate instant as the zero of time.

Once we have such a complete frame of reference, for a given object, we can describe
and analyse, its motion in a systematic, and sequential, way.

DO IT YOURSELF
1.

Give an example of a situation/'set-up' in which a given object is regarded (i) at
rest (ii) in motion, by two different observers.

2.

Imagine that you are standing on the foot path of a busy road. Give two examples
each, of the objects around you, which you would regard as being (i) at rest,
(ii) in motion. Justify your choices.
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3.

4.

Draw a pair of co-ordinate axes on a graph paper. Take one small square, of the
graph paper, to represent a unit distance along both these axes.
(a)

Mark points corresponding to the values (10, 23), (5, 17), (25, 37) as coordinates.

(b)

Mark any three points, arbitrarily, on your graph paper. Try to assign values,
to the co-ordinates of the points, marked by you.

Using a similar graph paper, and adopting the same scale as used in the above
question, mark any four points (on the graph paper) that have
(a)

Different values of their second (or "y") co-ordinate but have the same value
for their first (or "x") co-ordinate.

(b)

Different values of their first (or "x") co-ordinate but have the same value for
their second (or "y"-co-ordinate)

Join the four points, marked by you, in each case. State your observation/s, if any,
about the curves/lines, obtained by you by joining the four points.
5.

6.

Suggest a suitable frame of reference for:
(a)

Specifying the positions of different mile-stones on a long straight road.

(b)

Specifying the positions of different pieces of crockery on a dining table-top.

(c)

Specifying the position of different objects located between the floor and the
ceiling of a room.

State why it advisable / necessary to select (along with the suitable number of
co-ordinate axes) an appropriate zero of time for describing / analyzing, the
motion of a given object.
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GRAPHS: THEIR LINKAGE WITH DIFFERENTIAL
COEFFICIENT
Dear Reader
We very often come across pairs of physical quantities, in which one quantity depends
on the other. For example
(i)

The current flowing through a conductor depends on the potential difference
maintained between its ends

(ii)

The distance, covered by a particle, in a given time, depends on its average speed.

There are many ways in which this interdependence can be expressed. We may express
the interdependence through appropriate data or through a mathematical relation
between the two quantities. However, one of the most convenient ways of depicting
this interdependence is by plotting graphs. Graphs are important because they
communicate information visually. For this reason, graphs can help us in
understanding the interdependence by getting the point across quickly and visually.
Graphs are beneficial because they summarize and display information in a manner
that is easy to comprehend. Graphs are used in many academic disciplines. A graph is
a pictorial representation depicting the variation of a quantity with respect to some
other quantity, Hence the kind of relationship the two quantities are sharing with each
other becomes quite clear. When two quantities depend on each other, one of them can
be made to change "at will" and is the independent variable .The other one, which
varies as a result of this change, is the dependent variable.
We generally follow the following steps, while plotting a graph:
STEP 1-Procuring the data- Before plotting the graph between two variables, identify
the independent and the dependent variables. In order to plot the graph we must have
sufficient data, i.e. a sufficient set of values for the independent variables and the
corresponding values of dependent variable. This data can be obtained theoretically or
practically. (The theoretical data is obtained by putting the values of independent
variable in the theoretical relationship and calculating the corresponding values of the
dependent variable.)
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STEP 2- Drawing the axes- Draw axes keeping in view the nature of values- their range
and sign. If all the data to be plotted on the graph is positive, we draw two lines, one in
the horizontal direction and the other in the vertical direction from the left hand bottom
corner of the graph paper. The horizontal line is called x-axis and the vertical line is
called y-axis. The point of intersection of x and y axes is called the origin. However if
the data has both positive and negative values, the origin is shifted to the middle of the
graph paper.
STEP 3- Choice of axes- The independent variable is plotted on the x-axis, on the y-axis
the dependent variable is plotted.
STEP 4- Choosing the scale- The scale chosen should be such that the whole range of
variation gets well spread out on the whole graph paper i.e., it should not be very small
so that all the points of the data may get crowded in a very small portion of the graph.
Also the scale should not be so large that the entire data may not get represented on the
graph
STEP 5- Plotting of points on the graph- The points, plotted on the graph, are marked
as sharp dots each enclosed in a circle, with its co-ordinates mentioned by its side.
STEP 6- Joining the pointsa)

The plotted points may fall on a straight line. It is not necessary that all the points
may fall exactly on the line. In that case, the best fit line is drawn i.e. the line
having maximum number of points falling on it, or passing closest to the
maximum number of points, which appear on either side of the line.

b)

The points plotted may not fall on a straight line, they may be joined with free
hand, resulting into a best fitting curve

Example 1
http://www.cimt.plymouth.ac.uk/projects/mepres/book8/bk8i14/s3eg4.gif
A line has the equation y = 2x + 1.
Using x values from –2 to +3, plot the graph of this equation.

68

Solution: In this case x can be treated as independent variable and y as dependent
variable. For different valuees of x ranging from –2 to +3, calculate, the values of
y = 2x + 1 using the equation and
a write the values in tabular form
x

–2

–1

0

1

2

3

y = 2x + 1

–3

–1

1

3

5

7

Now the axes are plotted and
d suitable scales are chosen for both the axes.
a
Next, each
pair of x and y values can bee plotted on the graph. In this case the co
o-ordinates are:
(–2, –3), (–1, –1), (0, 1), (1, 3), ((2, 5) and (3, 7). Finally the points are joined
d with a straight
line

Example 2
(http://www.cimt.plymouth..ac.uk/projects/mepres/book8/bk8i14/s3eea4.gif)
For the equation y = x – 3, plo
ot y vs. x graph
(a)

Using x values from –1 to +4, compute the values of y and wriite them in the
tabular form as shown in
n the table below.
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(b)

Draw x and y axes on the graph paper. Choose suitable scales forr both the axes.
Plot the points on the graaph and join them.

Slope of a graph: We can u
use the plotted graph (between the variablles x and y) to
obtain a lot of important and useful information. One of the characteristiics of the graph
- its slope - usually plays a verry important role in obtaining such informa
ation. The slope
of a graph indicates how stteep the graph is. Mathematically it is co
omputed in the
following manner. Choose aany two points (say P and Q), on the graph, having
co-ordinates (x1, y1) and (x2, y2) respectively. The slope equals the ratio of
o the change in
y co-ordinates i.e., (y2-y1), to th
he corresponding change in x co-ordinates, i.e., (x2-x1).
Slope of a graph equals
change in y
change in x.

or

vertical change
horizontal change

or

or

The slope may also be defined
d as the rate of change of y with respect to x.
x
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rise
run

Let us calculate the slope of a line y=2x, whose graph is given below

Pick two points P and Q, thatt are on the line. We could take, point P, fo
or which, x1 = 5
and y1 = 10, and point Q for w
which, x2 = 10 and y2 = 20.
We use the values of these two points, to calculate the slope:
Slope
Consider the line y = 2x
right.
between the two points (-4,Answer: 2 units
between the two points (-4,Answer: 1 unit
The slope =
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It is easy to verify that this slope will be
the same if any other pair of points, is
used for calculating it. Hence, for straight
lines, the slope, has a constant value.

Additional Comments on the Slope
a)

Straight line graph
As noted above, the slope of a graph has a constant value, if the graph is a straight
line. This implies that: If a physical quantity (y) varies in proportion to another
physical quantity (x), the rate of change of y with respect to x has a constant value.
The rate of change of y with respect to x, is also known as the differential
coefficient of y with respect to x and is denoted by




. Thus for a straight line

graph, between two quantities y and x, we can say that
dy
= slope of a straight line graph between y and x = a constant
dx
b)

Non-Linear or Curved Graphs
In general, the variation of a physical quantity (say y ) with respect to another
physical quantity (say x ), is not a proportional variation. In such cases, the graph
between y and x would not be a straight line. It would be a curve, whose exact
shape and nature, will depend on the way in which y varies with x .
Can we define the slope of a non-linear, or curved, graph between two quantities?
Yes, we can do so, but with a small, but significant difference. We now need to
define this slope for each point on the curve. This slope, at different points, can
have different values. This implies that the rate of change of y , with respect to,
x , is not a constant and has different values at different points on the graph.
Remembering that the ‘rate of change’ also equals the differential coefficient of y
with respect to x , we can say that:
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dy
is not a co
onstant and can
dx
have different values at d
different points on the graph.

If graph between y

d x is not a straight line,

How do we calculate th
he slope of a non-linear, or curved, graph
h at a particular
point? For this, we draw
w a tangent to the graph at that particular point and then
calculate the slope of thiis tangent (a straight line) in exactly the saame way as we
calculated the slope of a straight line graph. The slope of this tan
ngent line then
dy
gives the 'rate of change' , or the value of
at that particular point..
dx

We thus realize that the slope of a graph, be it a straight line or a curved graph, is
dy
equal to the value of ratee of change, or
. This value is a constan
nt for a straight
dx
line graph but is not so fo
or a curved graph.
The slope of a graph th
hus helps us to understand the geometriccal, or pictorial,
meaning of the differen
ntial coefficient of a variable (y) with resp
pect to another
variable (x).
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VECTORS
Dear Reader
nal motion). We
Let a particle move along a sttraight line path (i.e. have a one-dimension
can easily specify its position,, with respect to a reference point, by know
wing its distance
from the origin and by know
wing which side of the origin (right or left; up
u or down), it
has moved. We differentia
ate between these two possibilities by adopting the
convention:
(i)

A distance x, to the rightt (or upwards), from the origin, will be attaached a (+) sign,
i.e., it would be noted as +x.

(ii)

A distance x, to the left ((or downward), from the origin, will be atta
ached a (–) sign,
i.e. it would be noted as –x.
–

A simple use of these two
o signs, as per the above convention, enables us to,
unambiguously specify the position of the particle, with respect to the ((chosen) origin,
on its straight line path.

For a particle moving along a straight line path, we just need to use a (+) or (–) sign,
along with its distance (from tthe origin), to completely specify its position
n.
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Let us next consider the case of a particle moving in a plane, say the pla
ane of this page.
Let us choose a particular po
oint, say O, as the 'origin', or the reference point.
p
If we are
now told that the particle iss at a distance r from the origin, can we
w just use this
information to specify its exacct location?

It is easy to realize that the an
nswer to the above query is a big 'NO'. Thee particle can be
anywhere on the circumferen
nce of a circle, having a radius r and centereed at the origin.
We now need a system in whiich the direction of the location of the particcle, with respect
to some standard line, (taken
n as the reference line), also gets specified.. There are two
simple ways of doing that:
(i)

We take two mutually p
perpendicular lines, passing through the oriigin, as our two
reference lines, (or axes of co-ordinates, as they are called). If we
e know the two
perpendicular distances,, of the particle from these two lines, we w
would have an
unambiguous specification of its location.
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We, however, need to reemember that the convention of attaching (+
+) and (–) signs
to these distances (as given
g
above), will have to be followed here also. This is
illustrated through the fo
ollowing diagrams:

(ii)

We can take only one liine, passing through the origin, as our refeerence line. We
now need to know:
(a)

The distance r, of th
he particle P from the origin.

(b)

The angle,  made b
by the line OP, with the reference line, say liine OA.
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We however, need to reemember that there is again a convention fo
or knowing the
value of  here.

ust be made to
We take  as the angle through which the reference line OA, mu
rotate, in the anticlockwiise sense, to coincide with the line OP. In other
o
words, we
attach a (+) sign only witth an anticlockwise rotation.
It follows then we must take of a (–ve) sign, attached to an angle , as associated
with a clockwise rotation
n.
The diagrams, given below, indicate how this convention is used
d to specify the
location of a particle P w
when its distance from the origin is r but the angle, made by
the line OP, with the refeerence line OA, equals (a) (+) and (b) (–).

Scalar and Vector Quantiities
We thus realize that we need to know both; a magnitude, and a direction
n, to completely
specify the location of a partticle in a plane. A simple knowledge of a magnitude
m
(the
distance of the particle from th
he origin), is NOT sufficient here.
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These are many other situations, in which the knowledge of the direction, along with
the magnitude, is a must for understanding the relevant phenomenon. Consider a
football that has been kicked off by a player, with a force of 100N, say. Is a mere
knowledge, of the magnitude of the force applied, sufficient here to know its effect? The
answer is again a NO. We must also know the direction, in which the force has been
applied, to know its effect.
We thus realize that there are several physical quantities that need both a magnitude
and a direction for their complete specification. There are, of course, several other
physical quantities that can be completely specified by a (algebraic) magnitude only i.e.
a magnitude to which a (+), or (–) sign has been attached, as per some (standard)
convention.
We distinguish between these two kings of quantities by saying that:
(i)

All physical quantities, that can be completely specified by an (algebraic)
magnitude only, are known as SCALAR quantities.

(ii)

All physical quantities, that need both a magnitude and a direction, for their
complete specification, are known as VECTOR quantities.

Examples of Scales and Vector Quantities
Consider the physical quantity "temperature". It is easy to realize that we can assign a
meaning to the temperature of a body (or to the change in temperature of a body),
without any reference to the directions, in a plane, or in space. This meaning can be
assigned through an algebraic magnitude. The temperature of a body has a (+)
magnitude if it is above the zero of the chosen scale; it has a (–) magnitude if it is below
the zero of the chosen scale. Similarly a change in temperature has a (+) / (–) magnitude
if it corresponds to a rise / fall, in the temperature of the body.
The temperature of a body, is, therefore, a scalar quantity.
Like temperature, several other physical quantities - like mass, volume, density, energy,
time etc., are also taken as scalar quantities. This is because they can be specified simply
through a magnitude / algebraic magnitude, without any reference to the different
directions; in a plane, or in space.
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Consider next the effect of a physical quantity like force. Can we have the complete
specification, of the effects of a force, simply by saying that this force has a magnitude
of, say 10 newtons? The answer is clearly a NO. We also need to know the (specific)
direction in which this force acts. A force of a given magnitude, acting to the right, or to
the left, upwards or downwards, or inclined at some angle, to the horizontal, would
produce an effect that would depend on its direction.
Force is thus a vector quantity; it needs both a magnitude, and a direction, for its
complete specification.
Like force, several other physical quantities, like displacement, velocity, acceleration,
momentum, electric field and gravitational field, are also taken as vector quantities. We
need to specify both their magnitude and their direction to have a complete
specification of such quantities themselves, or of the effects associated with them.

Representation of Vector Quantities
Scalar quantities, as we know, are represented through numbers; we also need to add
the unit of the relevant physical quantity. Thus we may say. The maximum
temperature, in Delhi on last Monday, was 37°C; the mass of this ball is 75g; it takes me
40 minutes to reach my school, and so on. For the unknown magnitude of a scalar
quantity, we may use algebraic symbols, we may say "Let us use the given data to find
the unknown density (= x kg/m3) of this oil".
How do we represent vector quantities? Since vectors are associated with a magnitude
as well as direction, we cannot use simple numbers to represent them. We use the
concept of "directed line segments" to represent vector quantities. Here we draw a line,
directed along the direction of the given vector quantity, and take its length
corresponding to the magnitude of the vector quantity. To accommodate both large and
small magnitudes of different vector quantities, we need to choose a suitable scale; we
may say that our scale, for this vector (for example force), is 1 cm = 10 newton and so
on.
To understand this idea clearly, let us see how we really use it. Let the velocities of two
particles A and B, at some given time, be 10 metre per second, towards the east, and 15
metre per second, towards the north, respectively.
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We may say that our scale is
1 cm = 5 metre per secon
nd
We then draw a line of lengtth 2cm
another line of length 3cm

directed parallel to the easst direction and
directed parallel to the north directtion. These two

directed line segments, KL and MN, then, are the vector represen
ntations, of the
velocities of the two particles,, A and B respectively.

The same idea may be used to give a vector representation to any phy
ysical quantity.
Remember: we have to do th
his representation by adopting a conventio
on, like the one
shown above, for representing
g the east, west, north and south directions.
Let us now represent a force o
of magnitude 25 newton acting along a dire
ection that is 300
north of east. We first choosse a scale; say 1 cm = 10 N. We then draw
w a line that is
inclined 300 to the east directiion in the sense that takes us from east towards north. The
directed line segment, PQ, off length 2.5 cm   2.5  drawn in the sensse, shown here,
 10

25

then gives a representation off the given vector quantity, i.e. a force of 25
5 newton acting
°
along a direction that is 30 no
orth of east.
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The directed line segment, RS
S, again of length 2.5 cm, say, would represeent a force of 25
newton, directed along a direcction that is 45° south of east.
The dotted lines, correspondiing to the different directions shown here, are just to help
us understand and appreciatee the basic ideas associated with the "directeed line segment
representation" of vector quaantities. We need to draw
only the directed line segm
ments, PQ and RS, to
represent the forces involved in the two cases.
A symbolic representation of these two vectors is done


through the symbols, PQ an
nd RS , respectively. We,
similar use a symbol, along w
with an arrow line on top
of it, to represent an unknow
wn vector quantity. Thus


the symbol, r , may be used to
t represent the unknown
displacement of a particle. An
n unknown velocity may


be represented through the symbol v ; an unknown

acceleration, through the sym
mbol a an unknown force,


through the symbol F , and so
o on.
In the printed form – in book
ks and journals etc. – the
use of the arrow, over the symbol, is avoided by
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printing the symbol in BO
OLD print. Thus, in the printed form, the unknown
displacement, velocity accelerration and force, referred to above, would be represented
through the symbols, r v, a and F only. Remember, a bold symbol fo
or an unknown
physical quantity (in a printeed page), implies that the unknown physiccal quantity is a
vector quantity.

Two important Vectors
Two vectors that we need verry often (to describe and analyse the motio
on of a particle)
are the position vector and th
he displacement vector. Let us understand the meaning of
these two terms one by one.
Position Vector
Let a particle be at some poin
nt, O, at the start of its motion. (We then,
usually, take O as the origin
n, or reference point, for describing its
motion). Let the particle mov
ve to some other point P, over a time t.
The directed line segment, OP, is then said to represent the
POSITION VECTOR of the pa
article, at the time instant t, with respect
to the starting point, O, of its m
motion.
Remember that the position v
vector, of a particle, at any time instant,
has to be always defined witth respect to some reference point. This
reference point is usually the point (O), taken as the ORIGIN for the
description of its motion. How
wever, this need not always be so. In the
above example, let the particlee be at some position Q, at a time say t ,
2

after the start of its motion. The
T directed line segment QP, then represen
nts the position
vector of the particle, at the tim
me instant t, with respect to the point Q.
We may thus say:
(i)

The position vector of a particle, at any time, has to be defined with
w
respect to
some (pre-decided) referrence point. (Usually the reference point iss the origin, for
the description of motion
n).

82

(ii)

The position vector (w
with respect to the (pre-decided) referencee point) is the
directed line segment O
OP, joining the present position point (P) of the particle,
with the (pre-decided) rreference point (O). The direction of this po
osition vector is
along OP, i.e., its associated directed line segment has to be dirrected from the
reference point (O) to thee present position (P) of the particle.

Displacement Vector
The concept of displacementt vector is closely linked with the concept of the position
vector. We can understand thiis concept as follows:
Let O be the reference point, or the starting point, (or the origin), for thee description of
motion of a given particle. Leet this particle be at point K at some time instant t 1 (=5 s,
say) and at the point L, at som
me time instant t 2 (=10 s, say) (t2 > t1) afterr the start of its
motion. The directed line seg
gments, OK and OL, are then the position
n vectors of the
particle, at the time instant t1 aand t2, respectively.
If we now draw the directted live segment KL, we say that this represents the
displacement vector of the paarticle, during the time interval from t1 (= 5s)
5 to t2 (= 10s).
Thus the displacement vecto
or, of a particle, over a given time interval,, is the directed
line segment, joining its preseent position point (L), to its previous positio
on point (K). Its
direction is from the previouss position point to the present position pointt.

It is now easy to realize that in the diagram, given for position vectors, the directed line
segment:
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(i)

QP can also be viewed as the displacement vector, for displacement of the particle,
from

(ii)

to (t = t).

OP can also be viewed as the displacement vector, for the displacement of the
particle from (t = 0) to (t = t).

A little close thinking will reveal that these conclusions are consistent with the
following definition of the displacement vector:
"The directed line segment, directed from the previous position point of the particle, to,
its present position point."
We can now appreciate the close link between the concepts of the position vector and
the displacement vector. This link would become clearer after we understand the
techniques and rules for addition and subtraction of vectors.

Addition of Vectors
We are all familiar with the rules and techniques for addition of simple numbers. These
rules can be used as such, for addition of scalar quantities. Thus, if the mass of one ball
is 75g and that of another is 125g, the total mass, of the two balls, is (75+125)g, i.e. 200g.
Similarly, if the volume of one tank is 750 litre and that of another tank is 1 kilolitre, the
total volume of the two tanks is (750+1000) litre, i.e., 1750 litre. And so on.
It turns out, however, that this simple and straightforward approach cannot be used for
addition of two vector quantities. To understand this, consider a particle, initially at the
origin. Let it get displaced through a distance of 4m along the east direction. Let it next
get displaced, from its new position, through a distance of 3m, along the north
direction. Can we now say that its total displacement, from the origin, is (4+3) m, i.e.
7m? A simple close look, at the meaning of vector quantities, will reveal that the above
conclusion' is incorrect. If we draw a scaled diagram, we find (using a scale of
1cm = 1m), that the two displacement, of the particle, are represented by the directed
line segments (or displacement vectors) OA (= 4cm length) and AB (= 3cm length),
respectively. The net displacement of the particle, from the origin, (as a result of these
two displacement) is now represented by the directed line segment (or displacement
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vector) OB. A careful measurrement would reveal that the total displacem
ment (= length,
OB, as per the chosen scale) iss only 5m. We are thus, in a way, finding th
hat the addition
of a displacement of magnitud
de 4m, to another displacement of magnitu
ude 3m, can add
up to a displacement of magn
nitude 5m only. It need not be 7m, as wou
uld be expected
from the simple rules for addiition of numbers.

It is clear then that the rules,, and ways, of adding two vector quantities can be quite
different from the simple rulles for addition of numbers, or scalar qua
antities. A close
analysis, of the kind of diagraam drawn here, has revealed that we can u
use either of the
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following two rules for additiion of two vector quantities. These rules haave been named
as the (i) the triangle law and (ii) the parallelogram law for vector add
dition. We now
talk about these two rules in some
s
detail.

The Triangle Law of Vecctor Addition
The approach, needed for ad
dding vector quantities, has been illustrateed through the
addition of two displacementts (4 m towards east followed by 3 m towarrds north). This
approach has been generalizeed to give us a general technique for vecto
or addition. We
refer to this as the 'triangle law
w of vector addition'.
This 'triangle law' is stated as follows:

Let one line (AB), be drawn ffrom a suitable point such that its length represents (on a
suitable scale) the magnitudee of one of the vectors (vector P) (to be added) and its
direction is parallel to this veector. From the end point of this line (pointt B), let another
line (BC) be drawn such that its length represents (on the same scale) th
he magnitude of
the second vector (vector Q) (to be added), and its direction is parallell to this second
vector. The closing side (side A
AC) of the triangle would then represent th
he magnitude of
the sum (resultant) of the two
o vectors. The direction AC (that is the dirrection directed
from the first, or starting poin
nt (A) to the third, or end point (C)) gives the direction of
this resultant vector.
A more compact way of statin
ng this triangle law, is as follows:
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If the two sides of a triangle, ttaken in order, represent the magnitudes an
nd directions, of
the two vectors to be added, tthe third (or closing) side of this triangle, taken in opposite
order, represents the magnittude and direction of the resultant (sum
m) of these two
vectors.
The triangle law is a compactt way of adding two vectors. As mentioneed at the start it
has been illustrated through th
he example of addition of two displacements.

The Parallelogram Law of
o Vector Addition
The parallelogram law of vector addition again enables us to find the su
um, or resultant
(as it is better called, for vecto
ors), of any two vectors. This law is stated ass follows.
Let two lines (say AB and A
AD) be drawn from a given point (say poin
nt A) such that
their lengths represent (on a suitable chosen scale), the magnitudes of the
t two vectors,
and their directions are paralllel to the directions of the two vectors. If now these two
sides be used to complete theeir associated parallelogram, the directed lin
ne segment AC,
corresponding to the diagon
nal of this parallelogram, passing through
h the point A,
represents the resultant (i.e., th
the sum) of the two given vectors.

Thus let two vectors, P and Q,
Q be represented by the two directed line seegments, shown
here. From a point A, we draaw two lines, AB and AD, parallel to, and equal to, these
two directed line segments. We
W then complete the parallelogram, having
g AB and AD, as
its two sides. The diagonal, A
AC, of the parallelogram, passing through th
he point A, then
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represents the resultant (say R), of the two vectors P and Q, in both magnitude
m
and
direction.
This result is often represented through the equation:
R=P+Q
Let us now see how the usse of this parallelogram law gives us thee correct result
corresponding to the addition
n of the two (vector) displacements of 4m (along east) and
3m (along north). The paralllelogram, in this case, is a rectangle havin
ng two sides of
length 4cm and 3cm, respectiv
vely (on the scale 1 cm= 1 m). We now mea
asure the length
of the diagonal AC and find itt to be 5cm, as per the result obtained earlier.

It can be proved mathemaatically that the magnitude, of the diag
gonal AC of a
parallelogram, having two sid
des of magnitudes AB and AD, is given by

where  is the angle between
n the sides AB and AD. This result may alsso be expressed
through the equation.

Here P and Q are the magnitu
udes of the two vectors P and Q and  is thee angle between
their directions. The magnittude of their resultant (or sum) has beeen represented
through the symbol R.
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For the example of the two dissplacements given above,
P = 4 cm, Q = 3 cm and  = 900
Hence,
16

cm
9 cm

ed through a direct measurement (Remembeer: cos 900 = 0).
5 cm as obtaine

The Opposite (or Negativ
ve) of a given Vector
We need the concept of thee opposite (or negative) of a vector to understand
u
the
operation of subtracting onee vector
from another.
How do we define the oppo
osite (or
negative) of a vector? Thee vector
(–A) [corresponding to a given
vector (A)] is a vector whose
magnitude equals that of thee vector
A and whose direction is exactly
opposite to that of A. The diiagrams
given here show the pairs of d
directed
line segments in which the second
line, in each pair, represents the
negative or opposite, of thee vector
represented by the first linee of the
pair.
It follows then that we just need to reverse the sense of the directed
d line segment
(representing the given vectorr), to get a representation of the negative of that vector.

Subtracting One Vector ffrom Another
How do we subtract a vectorr (say B) from another vector (say A)? Wee carry out this
process as follows:
Let C = A+ (–B)
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We can then write
C=A–B
This shows that the required vector (vector C) can be viewed as the vecctor sum of the
first vector (vector A) and thee NEGATIVE of the second vector (vector B).
B We can then
carry out the required processs by using, either of the two laws of vecto
or addition, i.e.,
the triangle law or the parallelogram law.
We illustrate the process of veector subtraction through the diagrams giveen below.

[Illustrating the sequence of ssteps, to be followed, for using the triangle law, to find the
vector S where S = (P – Q)]
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[Illustrating the sequence of ssteps, to be followed, for using the paralleelogram law, to
find the vector S Where S = (P
P – Q)]
The above illustrations show that the process of (vector) subtraction can
n be carried out
by using the laws of (vector) addition. We need to remember that here we
w have to add
the negative of the second vecctor to the first vector.
It is interesting here to realizze that the reverse vector difference, i.e., (Q
Q – P) (= vector
S'), is again the negative of thee vector S. The following diagrams illustratte this.

Here, S = (P – Q) and S' = (Q – P)
An Important Point
We have noted above that
(i)

Physical quantities, wh
hich have only a magnitude associated with
w
them, are
known as scalar quantities.

(ii)

Physical quantities, whicch have both a magnitude and a direction aassociated with
them, are known as vecto
or quantities.

It is important, however, to no
ote that the requirement.
"Having both a magnitude an
nd a direction"
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is a necessary, BUT NOT a sufficient, condition for classifying a quantity as a vector
quantity. We can have quantities that have both a magnitude and a direction but are
still not classified as vector quantities. 'Electric current' is a well known example of such
a quantity. We often say that a current of (say) 1.2 A is flowing along the direction AB
(say) in a branch of a given circuit. We, therefore, associated both a magnitude (= 1.2.A)
and a direction (direction AB (say)) with an electric current. However, electric current is
not regarded as a vector quantity; it taken as a scalar quantity.
What, then is the additional sufficiency condition that a physical quantity must follow
so that if may be classified as a vector quantity?
We have noted above that the basic algebra of vectors is quite different from that of
scalars. We have to use the triangle law, or the parallelogram law, to add, or subtract,
two vector quantities. We, therefore, have an additional condition, namely,
"A physical quantity is a vector quantity if two (or more) of such quantities have to be
added by using the triangle law, or the parallelogram law, of vector addition."
We may now say that the necessary and sufficient conditions, for regarding a physical
quantity as a vector quantity, are:
(i)

The physical quantity must have both a magnitude and a direction associated with
it.

(ii)

Two such physical quantities have to be added (subtracted), only by using the
triangle law / parallelogram law of vector addition.

The second of these conditions is often not given its due importance. However, we must
notice that it is an essential part of the necessary, and sufficient, conditions, that a
physical quantity must satisfy to be classified as a vector quantity. If a physical quantity
satisfies only the first of these conditions - but does not satisfy the second - it would not
be labelled as a vector quantity. It is for this reason that electric current is NOT regarded
as a vector quantity. We can add / subtract two electric currents just by using the
simple algebra of numbers. There is no need of using the triangle law (or the
parallelogram law) for adding (subtracting) two electric currents.
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Physical quantities like displaacement, velocity, acceleration, force and momentum
m
are
regarded as (proper) vector q
quantities because they satisfy both the co
onditions listed
above. They not only have a magnitude, as well as a direction, associa
ated with them,
but also need the triangle law
w (or the parallelogram law) for adding (subtracting) two of
them.
This important point, about the
t basic and essential requirements for a v
vector quantity,
must always be kept in mind. We must ensure that a physical quantity does
d
satisfy both
of the above requirements; it iis only then that it would be regarded as a vector
v
quantity.

Solved Examples
Example 1
A particle is acted upon by (i) a force of 10 N directed west and (ii) a force of 20 N
directed 30° east of north. Drraw diagrams to show how (a) the parallelogram law and
(b) the triangle law, may be ussed to find the resultant of these two forces..
Solution
Let us choose the scale:
1 cm = 2.5 N
We can then represent the two forces by the directed line segmentts PQ and KL,
respectively.
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The parallelogram law may be used to find the resultant (F) of thesee two forces as
shown.

The triangle law may be used to find the resultant (F) of these two forces as shown:

Example 2
It is required to subtract a vecctor A (of magnitude 10 units, directed north
h) from a vector
B (of magnitude 6 units, direccted 30° south of east).
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Draw diagrams to show how (i) the parallelogram law and (ii) triangle la
aw may be used
to carry out this subtraction.
Solution
Let is choose the scale:
1 cm = 2 units
We can then represent the vecctors A and B, as shown.

To subtract A from B, we neeed to add the vector –A to B. The vector (––A) is drawn as
shown.

We may now use the parallelo
ogram law to add the vector (–A) to the vecttor B.
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The vector 5, the sum of vecto
ors (–A) and (B) equals B + (–A) = (B – A)
The triangle law may be used for the same purpose, as shown.
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DO IT YOURSELF
1.

Name four physical quantities that can be specified without bringing in the
concept of direction.

2.

Name four physical quantities that need both a magnitude and direction for their
unambiguous specification.

3.

How do we distinguish between the veloiuty of a particle, moving along a straight
path towards the right, from that of another, moving towards the left?

4.

Why do we say that a particle, located in a plane, can have an infinity of locations
when only its distance, from a given reference point (origin) is known?

5.

Using a graph paper, a scale and a 'D', draw directed line segments representing.
(a)

(i)

A force of magnitude 10 N directed 30 0 north of east.

(ii)

A velocity of magnitude 15 m/s directed 30 0 west of south.

(iii) An acceleration, of magnitude 2 m/s2, directed 600 east of north.
(b)

6.

(i)

The position vector of a point distant 20 m from the origin and located
exactly mid way between the north and west directions.

(ii)

The position vector of a particle, distant 30 m from the origin, and in a
direction that is 250 south of west.

A particle is initially at a point A that is 25 m away from the origin, along the north
direction. It then moves to another point B, that is 30 m away from the origin and
is along a direction that is 600 south of east.
Draw the position vectors of the particle, corresponding to its locations A and B.
Also draw the displacement vector, corresponding to its displacement from point
A to point B.
Measure the length AB and find out its value in metres using the scale that you
have used. Do you find it to be (nearly) equal to either (25+30)m (=55m) or to
(30–25m), i.e. 5m. How do you explain your observation?
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7.

Draw diagrams showing how (i) the parallelogram law and (ii) the triangle law
may be used to find the resultant vector corresponding to the addition of
(a)

A force of 10 N, directed towards the north, with a force of 20 N directed 30°
south of west.

(b)

A velocity of 5 m/s, directed towards the east, with a velocity of 15 m/s,
directed 30° west of north.

(c)

An acceleration of 2 m/s 2, directed towards the west, with an acceleration of
4 m/s2 directed 30° east of north.

(d) A momentum of 10 kg ms–1, directed towards the south, with a momentum of
20 kg ms–1, directed 45° west of north.
8.

It is required to subtract
(i)

A vector of magnitude 10 units, directed west, from a vector of magnitude
20 units, directed 30° north of west.

(ii)

A vector of magnitude 15 units, directed north, from a vector, of magnitude
10 units directed west.

Draw diagrams showing how (a) the parallelogram law and (b) the triangle law,
may be used to carry out the required subtraction.
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UNDERSTANDING DIFFERENTIATION
Dear Reader
The mathematical concept of differentiation is intimately linked with the concept of
rate of change. We all observe some change or the other, constantly taking place in
different objects/situations around us. Let us take two familiar examples to understand
this concept of rate of change.
1)

Observe a car moving on a road. Its speed, in general, is constantly changing.
Speed may change from 0 to, say, 20m/s in, say, 40s. The average rate of change of
speed of the car is then (

2)




m/s) per second, i.e. 0.5m/s2.

Observe a plant growing in a pot. The height of its stem may increase from, say,
10cm to 16cm in 3 days. The average ‘rate of change’ of the height of the stem is
then 2cm per day.

Let us now try to get an idea of the rate of change of speed of the car, say during the
interval, from the 20th to the 22nd second during its motion. We would then need to
know the change in its speed during this interval of 2 seconds. If the interval of time is
progressively shortened, we would need to know the change in speed during such
progressively small time intervals. Suppose we ask ourselves the question, “What is the
rate of change of speed of car at, say, the 10th second of its motion?” we would then
need to find the very small change in speed of the car in a very short time interval (say,
1/100th of a second), at t=10s. The rate of change of speed of the car at this instant
would then need the division of a very small change in speed, by a, very small time
interval. In the limit, this division would almost approach the division of ‘0’ by ‘0’.
The mathematical technique of differentiation helps us to find the limiting values of
such rates of change. We need to define, and understand, the concepts of functions and
limiting values to understand the details of the technique. This is something you will
do in your class XII Mathematics. However, we can easily understand the meaning of
the concept of functions.
In the examples cited above the speed of the car, or the height of the plant, is changing
with time. It can be said that the speed of the car is a function of time or the height of
the plant is a function of time.
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If the value of a quantity y depends on the value of another quantity x, then y is said to
be a function of x .We can use the notation y=f(x) to represent this mathematically. In
this notation, the quantity y is called the dependent variable, and the quantity x is called
the independent variable.
The limiting value, of the rate of change of a quantity y (the dependent variable) with
respect to the quantity x (the independent variable), is called the differential
coefficient of y with respect to x. It is also known as the derivative of y with respect to
x. It is denoted by the symbol




or






 . Remember  ) is one complete symbol; we

cannot cancel the ‘d’ in the numerator and denominator of this symbol .
The term




, implying the rate of change of y with respect to x, is calculated
Δ

mathematically by finding the value of the ratio ( ) (read as delta y by delta x). Δy
Δ

represents the very very small change caused in the value of y, when x is changed by a
very very small amount Δx.
In the example of moving car given above, Δx would correspond to a very very small
time interval, in which a very very small change (=Δy) takes place in the speed of the
car.
We give below a list of the differential coefficients of some of the commonly used
functions and basic rules of differentiation for a combination (addition, multiplication
etc.) of different functions. Derivation and explanation of the same will be done later in
the class XII Mathematics syllabus.

Differential coefficients of some common Functions
d
dx

f(x)
xn

n xn-1

sin x

cos x

cos x

- sin x
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tan x

sec 2 x

cot x

- csc 2 x

sec x

sec x tan x

csc x

- csc x cot x

The basic rules of differentiation
1.

Derivative of a constant function
The derivative of f(x) = c, where c is a constant, is given by f '(x) = 0
Example
f(x) = 15 , then f '(x) = 0

2.

Derivative of a power function (power rule)
The derivative of f(x) = x n where n is a constant real number is given by
f '(x) = n x n - 1
Example
f(x) = x -4 , then f '(x) = -4 x -5 = -4 / x 5

3.

Derivative of a function multiplied by a constant
The derivative of f(x) = c u(x) is given by
f '(x) = c u '(x)
Example
f(x) = 3x 4 ,
Let c = 3 and u(x) = x 4, then f '(x) = c u '(x)
= 3 (4x 3) = 12 x 3
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4.

Derivative of the sum of functions (sum rule)
The derivative of f(x) = u(x) + v(x) is given by
f '(x) = u '(x) + v '(x)
Example
f(x) = x 3 + x
Let u(x) = x 3 and v(x) =x, then f '(x) = u '(x) + v '(x) = 3x 2 + 1

5.

Derivative of the difference of functions (difference rule)
The derivative of f(x) = u(x) - v(x) is given by
f '(x) = u '(x) - v '(x)
Example
f(x) = x 4 - x 2
Let u(x) = x 4 and v(x) = x 2, then
f '(x) = u '(x) - v '(x) = 4 x 3 - (2 x ) = 4 x 3 - 2x

6.

Derivative of the product of two functions (product rule)
The derivative of f(x) = u(x) v(x) is given by
f '(x) = u(x) v '(x) + v(x) u '(x)
Example
f(x) = (x 2 - 2) (x - 2)
Let u(x) = (x 2 - 2) and v(x) = (x - 2), then u '(x) = 2x and v '(x)=1
Therefore f '(x) = u(x) v '(x) + v(x) u '(x) = (x 2 - 2) (1) + (x - 2) (2x)
= x 2 - 2 + 2 x 2 - 4x = 3 x 2 - 4x -2

7.

Derivative of the quotient of two functions (quotient rule)
The derivative of f(x) = u(x) / v(x) is given by
f '(x) = [ v(x) u '(x) - u(x) v '(x) ] / v(x) 2
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Example
f(x) = (x - 2) / (x + 1)
Let u(x) = (x - 2) and v(x) = (x + 1), then u '(x)=1 and v '(x)=1
Therefore, f '(x) = { v(x) u '(x) - u(x) v '(x) } / v(x) 2
= { (x + 1)(1) - (x - 2)(1) } / (x + 1) 2
= 3 / (x + 1) 2
8.

Chain Rule
If we have
y=f (u) and u =g (x)
Then

Example
if y= sin u where u=2x, we would have dy/du=cosu, du/dx=2,
Therefore dy/dx= (dy/du) (du/dx)= 2cosu= 2cos2x
Linkage of Graph with Differentiation
We have already learnt that the mathematical relation y= f(x), showing the inter-relation
between a variable y (the dependent variable) and a variable x (the independent
variable), can be given a pictorial form through the GRAPH between y and x. We thus
know that the graph of a linear function is a straight line and graph of a non-linear
function is a curve.
We are already familiar with the concept of slope of a graph. It turns out that
the slope of the graph between y and x, has a direct relation with the differential
coefficient of ‘y’ with respect to ‘x’ i.e. , with
represent







. (We also often use the notation y to

). This relation is expressed through the following statements.

"For a linear graph, slope of the graph is constant and is equal to differential coefficient
of y with respect to x."
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"For a non-linear graph, slopee of the tangent to the graph, at any point,, is equal to the
rate of change of y with resp
pect to x, at that point. This slope, of the tangent to the


graph, thus corresponds to thee value of ( ) at that point."
We now give below some exaamples to show the relation between the slope of the graph
(between variables y and x) an
nd the differential coefficient of y with respe
ect to x.
Example 1
a)

Plot the graph for the fun
nction y=x

b)

Calculate the slope of thee line obtained after plotting the above grap
ph

c)

Compute

d)

Is the slope of the line eq
qual to

?

Solution
a)

b)

The slope of the line, rrepresented by y=x, can be computed in
n the following
manner. Choose any tw
wo points P & Q on the line (obtained aftter plotting the
graph), having coordinattes (x1,y1) and (x2,y2) respectively.
Slope=

QR
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c)
d)



 1 (

)

Yes, the slope of the graph is equal to the differential coefficient of y w.r.t x i.e.

Example 2
a)

Plot the graph for the function y=x2 +1

b)

Calculate the slope of the tangent to the curve obtained after plotting the above
graph at the point x=-2

c)

Compute  at x=-2

d)

Is the slope of the tangent to the curve, at x=-2, equal to



Solution
a)
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at x=-2?

b)

The slope of the tangent at x=-2 is calculated by A (-1, 1) & B (-2, 5) on the graph

c)

We have

=2x,

at x=-2, we get

=-4
d)

Yes, the slope of the tangent to the curve at x=-2 is equal to

at x=-2

DO IT YOURSELF
1.

Compute the derivative of the following functions w.r.t x (use the derivative
rules):
1.1

y=2

1.2

y = x3

1.3

y = √x

1.4

y = x-4

1.5

y = √

1.6

y = 5x3

1.7

y =  x9

1.8

y = x -3 + x3



1.9 y = 7x 3 + 6x


1.10 y = x 4 - x 2
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1.11 y =




- x6

1.12 y = (x 6 - 5) (x - 1)
1.13 y = (x2 - 2) / (x3 + 1)
1.14 y = (√x - 4) / (x)
2.

Compute:
2.1 y = 6x3 - 9x + 4
2.2

3.

2.3

y

2.4

y

x

x

x

x

Differentiate the following functions with respect to x:
3.1 sin 2x
3.2 x sin x
3.3 sin 3x
3.4 cos 3x
3.5 tan 4x
3.6 sin (ax + b)
3.7 cos (ax + b)

4.

(a)

Plot the graph for the function y=3x+1

(b)

Calculate the slope of the graph
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(c)

Compute

(d) Is the slope of the line equal to

?

ANSWERS
1.1

y

1.2
1.3

y

x

1.4
1.5
2

1.6
1.7
1.8
1.9
1.10
1.11
1.12
1.13 y

1.14 y

x3

x

x

2
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2.1
2.2

3

2.3
y

x

x

2x
1

x

x

x

2.4
y

x

Let
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2

y

g2 x

3.1 2 cos 2x
3.2

x cos x + sin x

3.3 3 cos 3x
3.4 -3 sin 3x
3.5 4 sec2 4x
3.6 a cos (ax + b)
3.7

-a sin (ax + b)

4.

(b)

Slope = 3

(c)

dy
dx

(d) Yes
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UNDERSTANDING INTEGRATION
Dear Reader
The concept of Integration, mathematically speaking, is the "Inverse" of the concept of
result

, the integration of

, would give us back the function f(x). This, in a

way, is similar to addition and subtraction or multiplication and division. Suppose we
add 8 to 16, we get the result 24. If we now subtract 8 from 24, we get back the number
16. Similarly, if we multiply, say 9 by 6, we get 54. On dividing 54 by 6, we get back the
number 9.
Let us first understand the physical meaning of the term integration. Consider the mass
of a tiny droplet of water. It would be very small. Next, consider the mass of a collection
of a very-very large number of such droplets. It would, as we know, be a reasonable
and measurable quantity. We are, in a way, here adding a very-very large number of
quantities, each of which is very-very small. Integration is the mathematical technique
that enables us to find such sums- the sum of a very-very large number of quantities
each of which is very-very small. We could in a rather crude way, think of it as finding
the product of (0) with (infinity). Mathematicians use a special symbol for integration,
this symbol is ∫. It is interesting to note that the symbol for integration, in a way,
resembles the letter ‘S’ that has been stretched out both ways. This may be linked with
the physical meaning of integration- sum of a very-very large number of very-very
small terms. The very very small terms, that are added up through integration, are
denoted, mathematically, by the symbol f(x) dx. Here f(x) could be any function of x.
For example: we could have
f(x)=x2+1
or f(x)= a sin x
or f(x)=x2+log x
and so on….
The addition of such small terms is known as integration and is expressed through the
complete symbol   . The symbol then implies the addition of a very very large
number of very very small terms.
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Let   =

, we would then have d/dx [f(x)] =

. This is because the process

of integration, and differentiation, are the "inverse" of each other.
Mathematicians who developed the techniques of integration; i.e. finding such sums,
for different kinds of mathematical functions, found that they could carry out the
relevant mathematical steps by thinking of integration as the inverse of differentiation.
The integration of ‘0’
It is important to remember that if y=constant say (c), the rate of change of y, would
have to be zero. We can, therefore, say that here









 0.

Remembering that integration is the inverse of differentiation, this result implies
0 = c=a constant. We can thus say “The integration of ‘0’, would give us a
‘constant’ as its result.” This result will hold irrespective of the actual value of the
constant (c). We, therefore say;
The integration of ‘0’, gives an indeterminate constant as its answer. This result has an
interesting implication. Suppose we integrate a function f(x) and get
answer.
we would then write
  =
However we can always write f(x) = f(x)+0
But ∫ [ f(x)+0 ] dx=∫ f(x) dx +∫(0) dx =

+ constant .

This implies that instead of writing
  =
we should write
  =

+C
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as the

Therefore, the result of integration, of any given function, does not give us a
unique/definite answer. To the result

, we can always add a (arbitrary) constant.

We now quote the mathematical results for integration of some standard functions.
Remember that the term, (+c), in these results, is due to the above stated, and discussed,
property of the integration of zero

Integration of some common functions
Derivatives

Integrals (Anti derivatives)

(i)
Particularly, we note that
d
x
dx
(ii)

d
dx

(iii)

d
dx

(iv)

d
dx

(v)

d
dx

(vi)

d
dx

(vii)

d
dx
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[ *For case (i) For n= -1, we have ∫xndx = ∫ dx .This function gives ‘ln x’ as its answer.
Here (ln x) stands for logarithm of x to a special base, known as ‘e’. It turns out that
ln x = 2.303 log x, where log x represents the logarithm of x to the base 10.]

Rules for Integration
For the following statements and examples, the symbols, a, b and c, all refer to terms
that are constants
1
2
3
4
Example 1

3

3
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Example 2

x
Example 3
x dx

x C

Example 4
x dx

Example 5
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Example 6
x

x dx

= 5 x + 4 sec x + C

DO IT YOURSELF
Find the Following Integrals
(a)

(b)

(c)

(d)

(e)

(f)

(g)

(h)

(i)

(j)

x dx

(k)

ANSWERS
1.

(a)

(c)

x6
6

(b)

(d)
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x5
5

3

(e)

(f)

x

x
3

(g)

(h)

(i)

(j)

(k)

2x 2
3

9sin
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3
10

10

INTRODUCTION TO LOGARITHMS
Dear Reader
Logarithms are a tool originally designed to simplify complicated arithmetic
calculations. They were extensively used before the advent of calculators. Logarithms
transform multiplication and division processes to addition and subtraction processes
which are much simpler.
As an illustration, you may try to multiply 98762578 and 45329576 without using a
calculator. Does the idea frighten you? Addition of the above numbers is however a lot
simpler. With the advent of calculating machines; the dependence on logarithms has
been greatly reduced. However the logarithms have still not become obsolete.
They are still relevant, rather a very important tool, in fields like the study of
radioactive decay rates in Physics and order of reactions in Chemistry. The study of
logarithms, and their simple power property is of importance to us.
To begin with, we will define logarithms and use them to solve simple exponential
equations. What does logarithm mean? This is the first question to which we would
seek an answer. Logarithms have a precise mathematical definition as under:
For a positive number b (called the base);
if b p = n; then

log b
The above expression is read as: "logarithm (or simply log) of a given number (n), to a
base (b), is the power (p), to which the base has to the raised, to get the number n".
Does the definition leave you confused?
Try this simple example as an illustration.
We have
So log 10 1000 3
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i.e. logarithm or log of the number (1000) to the base (10), is the power (=3) to which the
base (10) has to be raised to get the number (1000).
Remember, logarithms will always be related to exponential equations. For a very clear
understanding of logarithm, it is important that we learn how to convert an exponential
equation to its logarithm form and also to convert logarithmic expression to exponential
form.
Let us consider a few examples to develop clarity about the concept of logarithm.

Exponential to Logarithmic Form
Example 1: Write 3 4  81 in logarithmic form.
Solution: Here number - 81; Base = 3; Exponent / Power = 4
= 4; this is read as: "log of 81 to base 3 is 4".
Example 2: Write 82 = 64 in logarithmic form.
Solution: log8 64 = 2; this is read as "log of 64, to base 8, is 2.
Example 3: Write 2
Solution: log

1

16

in logarithmic form.

= -4; this is read as log of 1 to the base 2 is – 4".
16

DO IT YOURSELF
Express the following in logarithmic form:
1.

27 = 128

2.

70 = 1

3.

10
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4.
5.

1

1

6.

ANSWERS
1.
2.
3.

4.

log 27 3

5.

log16 4

6.

log 64 4

Expressing Logarithmic Expression in Exponential form
We have studied how to write exponential expressions in their equivalent logarithmic
expressions. We will now take up some examples to express a given logarithmic
expression in its equivalent exponential form.
Illustration
Example 1:

, in logarithmic form, it can be written as 92 = 81 in exponential

form. This is just the reverse of what we have studied in the definition of logarithms.
Example 2: Write

16

in exponential form.
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Solution: 2
Example 3: Write

in exponential form.

4
Solution: 10 = 10000

DO IT YOURSELF
Express the following expressions in exponential form
1.
2.
3.

27
log 36 6

ANSWERS
1.
2.

3

3.

1
36 2

6

Hence logarithms are related to exponential equations.
Solving exponential and logarithmic equations
Example 1: Calculate x if log 6 36 x
Solution: Rewriting the given equation in exponential form; we get

6x = 36
Also 62 = 36
Comparing; we get x = 2
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Example 2: Solve for x

x

Solution: We can write 83

x

 x = 8 x 8 x 8 = 512
Example 3: Solve for x : log 2 1

64

Solution: We have 1

x

x

64

Also

64

x

x

Example 4: Evaluate log 4 64
Solution: Suppose log 4 64
Then

x

x

Example 5: Evaluate log8 83
Solution: Let log8 83 be y. Then log8 83 = y
In exponential form 8 y

83

y

3

Example 6: Evaluate 3log3 9
Suppose 3 log 3 9 y
Then log 3 9 y / 3
3y/3

9

32

y 6
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Equality of Logarithmic Functions
For b  0 and b 1
if and only if, x = y
i.e. if logs of two numbers, to a given positive base b are equal, the numbers are also
equal.
We can use this equality to solve the following types of equation:
Example 1: Solve for
Solution: As the bases on the two sides are equal, we have
2x 9

x 5

 x = –4

Example 2: Solve for
Solution: As the bases on the two sides are equal, and the logs are given to be equal,
we have

x2

x

or x2 - 7x +6 = 0
Factorizing (x–6) (x–1) = 0

x

x

Example 3: Solve for
Solution: As the bases on the two sides are the same, and the logs are equal, we have
y2

40

or y 2

3y
3y

or y 8 y

40

0

5

0

 y = 8 or y = –5
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The equation appears to have two solutions.
However, logarithm of a negative number is not defined. As bases are positive; the
arguments would also by essentially positive.
 y = –5 is not a solution.
Hence y = 8.
is not defined; because 3 y can never be negative. Hence

Note:
not defined.

DO IT YOURSELF
1.

log 2 5x 4

log 2 3x 8 ,

find x.
2.

log 7 y 2

8

log 7 6y ,

35

log 3 2 x ,

find y.
3.

log 3 x 2

find x.

ANSWERS
1.

2

2.

4; 2

3.

7

Fundamental Laws of Logarithms
(i)

Law of Product

If log a

and logb
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is

Then

x

ax.ay

p.q

ax

y

which implies
The law of product, stated above, can be extended to any number of quantities.
i.e.
(ii) Law of Quotient
p
q

If log a

and log a

we have
x

q

x

x

ay

which implies
p
q

(iii) Law of Power

The law of power is an extension of the law of product.
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Other laws of logarithms
1.

a



2.

a



3.

p
(Base change formula)
a b

b

log a p

Example: If
Solution: As

evaluate xyz.

y

x

x

Taking logs;
x

x

Similarly from

we get y

and z
x.y.z.

log b log a log a
.
.
log a log b log c

1

Systems of Logarithms
Common Logarithms: (Base 10). Common logarithms use base 10. The usual
logarithmic tables use base 10.
Natural Logarithms: Natural logarithms use base e. It is also denoted as n x read as
natural log of x. e is an irrational number given by the (inifinte) series

A rough value of is (nearly) 2.718.
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Using Common Logarithms for Calculation / Computation
As stated earlier logarithms are used to simplify calculations. From the definition of the
logarithms, it is easy to realize that the logarithm of any given number, to a given base
(= 10, for common logarithms), would not be always an integral number. It would, in
general, have an integral as well as a fractional part. The logarithm of a number,
therefore consists of the following two parts:
(a)

Characteristic: It is the integral part of the logarithm.

(b)

Mantissa: It is the fractional, or decimal part, of the logarithm.

If

, the characteristic is 2 and mantissa is 0.2352

N

Remember
1.

The characteristic, the integral part of the logarithm, may be positive, zero or
negative.

2.

The decimal part, or the mantissa, is always taken as positive.

3.

In case the logarithm of a number is negative, the characteristic and mantissa are
rearranged, to make the mantissa positive. This is discussed in the following
examples.

Example
Suppose

N

We write

N
= (–2) + (–0.2325)
= (–2–1) + (–0.2325+1)

[Add and subtract 1]

= –3 + (0.7675)
The characteristics becomes –3 and mantissa becomes +0.7675.
The negative characteristic is represented by putting a bar on the number.
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We, therefore, write

N
Here 3 implies that the characteristics is –3.
Using Logarithms
We fight below the TABLE (to the base 10)
(i)

The Logarithms (common)

(ii)

The Antilogarithms (common)

It is these tables that are used for detailed calculation using logarithms. We now discuss
the ways and means of using these tables.
Log tables are the standard tables, available for to use for calculations. In general, these
are four digit tables. Logarithmic tables, to the base 10, are the tables that are (almost)
always used in practice. It may, therefore, be understood that the base of the logarithms,
used in all our subsequent discussion, is the base 10 (unless mentioned otherwise). As
discussed above, the log of a number has two parts: the characteristic and the mantissa.
Finding Characteristic: In order to find the characteristic part, it is convenient to
express the given number in its standard form, i.e., the product of a number between 1
and 10, and a suitable power of 10. The power of 10, in the standard form of the
number, gives the characteristic of the logarithm of the number. For numbers greater
than 1, the characteristic is 0 or positive. For numbers less than 1, the characteristic is
negative. The logarithms of negative numbers are not defined.
The standard form of a number and the characteristic can be computed as under:
Example 1: 1297.3 = 1.2973x103, [A number between 1 and 10 x Power of ten]
 Characteristic of log 1297.3 = 3
Example 2: 15.29 = 1.529x101,  Characteristic = 1
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Example 3: 2.352 = 2.352 x 1 = 2.352x100,  Characteristic = 0
Example 4: 257325000 = 2.57325000 x 108,  Characteristic = 8
Note that in all the above four examples; the number is greater than one and hence the
characteristic is zero or positive.
For numbers less than 1, expressed in standard form, the power of 10 will always the
negative and hence the characteristic will also be negative.
Example 1: 0.7829 = 7.829 x 10–1,  Characteristic = –1 or 1
Example 2: 0.06253 = 6.253 x 10–2,  Characteristic of log (0.06253) = –2 or 2
Example 3: 0.00002775 = 2.775 x 10–5,  Characteristic of log (0.00002775) = –5 or 5 .

Mantissa
It is the decimal / fractional part of the log of a given number. The mantissa is read off
from the log tables. It is always positive.
For a given number N, we express the number in standard form the find the
characteristic as detailed above.
To find the mantissa, the decimal point, the zeros in the beginning, and at the end of
the number, are ignored
(i)

The number is rounded off to the fourth place (say 1237).

(ii)

Take the first two digit, i.e. 12, and locate the same in the first column of the log
table.

(iii) Follow the horizontal row beginning with the first two digits (i.e. 12) and look for
the column under the third digit (3) of the four figure log table and record number
(see figure 1). [0.0899]
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Figure 1

(iv) Continue in the same horizontal row and record the mean difference under the
fourth digit. [Mean difference = 24 for 7]
Add the mean difference, recorded in (iv), to the number in (iii).
 The mantissa is 0.0899+0.0024 = 0.0923
 log (1237) = (Ch) + (Mantissa)
= 3.0923
Example 1: Find (1) log (0.056) (2) log (129.7)
Solution: (1) 0.056 = 5.6 x 10–2 (in standard form)
 Characteristic = –2 = 2
To find the mantissa, ignore the decimal point and add two more zeros at the end to
make 56 a four digit number, i.e. 5600
Locate 56 (the first two digits) in the first vertical column and read the same horizontal
line under 0 as shown. There is no mean difference as the fourth digit is zero.
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 log 0.056 = 2 . 7482
(2) 129.7 = 1.297 x 102 (Standarrd form)
 Characteristic = 2
0
For the mantissa; see the tablee. We get: mantissa= 0.1106 + 0.0024 = 0.1130
 Log 129.7 = 2.1130

DO IT YOURSELF
Find logs of following
1.

2925

2.

27775300

3.

2.3723

2.

6.44433

3.

0.3751

ANSWERS
1.

3.4661
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Using the (common) Antilogarithm table
These tables are used to find the number whose logarithm (to the box) has a known
value
The number N, whose logarithm is L, is called the antilogarithm of L.
 If log N = L, we have N = Antilog L
We have (i)

Log 0.056 = 2 .7482 [Example above]
 Antilog 2 .7482 = 0.056

(ii)

We have: log 129.7 = 2.1130;
:

Antilog 2.1130 = 129.7

Finding Antilogarithms
Let us now understand the procedure to be followed for finding antilogarithms from
standard antilog tables that are available for computations. The following steps are
followed to get the antilogarithm of a given number.
1.

To read antilogarithm table; the characteristic is ignored. The tables are read only
for the mantissa i.e. the decimal part.
To get antilog of 1 .3478; we use only 3478 to read the antilog tables.

2.

Take the first two digits i.e. 34 and locate in their position the first vertical column
of the four figure antilog table.

3.

Go through the horizontal row beginning with 34, and look up the value under the
column headed by the third digit (7 in 3478). The number, from the tables, 2223.
0

-00
-01
-02
-03
-04
-05
-06

1000
1023
1047
1072
1096
1122
1148

1

2

3

4

5

6

7

8

9

1002
1026
1050
1074
1099
1125
1151

1005
1028
1052
1076
1102
1127
1153

1007
1030
1054
1079
1104
1130
1156

1009
1033
1057
1081
1107
1132
1159

1012
1035
1059
1084
1109
1135
1161

1014
1038
1062
1086
1112
1138
1164

1016
1040
1064
1089
1114
1140
1167

1019
1042
1067
1091
1117
1143
1169

1021
1045
1069
1094
1119
1146
1172
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Mean Difference
1

2

3

4

5

6

7

8

9

0
0
0
0
0
0
0

0
0
0
0
1
1
1

1
1
1
1
1
1
1

1
1
1
1
1
1
1

1
1
1
1
1
1
1

1
1
1
1
2
2
2

2
2
2
2
2
2
2

2
2
2
2
2
2
2

2
2
2
2
2
2
2

-07
-08
-09
-10
-11
-12
-13
-14
-15
-16
-17
-18
-19
-20
-21
-22
-23
-24
-25
-26
-27
-28
-29
-30
-31
-32
-33
-34
-35
-36
-37
-38
-39
-40
-41
-42
-43
-44
-45
-46
-47
-48
-49

1175
1202
1230
1259
1288
1318
1349
1380
1413
1445
1479
1514
1549
1585
1622
1660
1698
1738
1778
1820
1862
1905
1950
1995
2042
2089
2138
2188
2239
2291
2344
2399
2455
2512
2570
2630
2692
2754
2818
2884
2951
3020
3090
0

1178
1205
1233
1262
1291
1321
1352
1384
1416
1449
1483
1517
1552
1289
1626
1663
1702
1742
1782
1824
1866
1910
1954
2000
2046
2094
2143
2193
2244
2296
2350
2404
2460
2518
2576
2636
2698
2761
2825
2891
2958
3027
3097

1180
1208
1236
1265
1294
1324
1355
1387
1419
1452
1486
1521
1556
1592
1629
1667
1706
1746
1786
1828
1871
1914
1959
2004
2051
2099
2418
2198
2249
2301
2355
2410
2466
2523
2582
2642
2704
2767
2831
2897
2965
3034
3105

1183
1211
1239
1268
1297
1327
1358
1390
1422
1455
1489
1524
1560
1596
1633
1671
1710
1750
1791
1832
1875
1919
1963
2009
2056
2104
2153
2203
2254
2307
2360
2415
2472
2529
2588
2649
2710
2773
2838
2904
2972
3041
3112

1186
1213
1242
1271
1300
1330
1361
1393
1426
1459
1493
1528
1563
1600
1637
1675
1714
1754
1795
1837
1879
1923
1968
2014
2061
2109
2158
2208
2259
2312
2366
2421
2477
2535
2594
2655
2716
2780
2844
2911
2979
3048
3119

1189
1216
1245
1274
1303
1334
1365
1396
1429
1462
1496
1531
1567
1603
1641
1679
1718
1758
1799
1841
1884
1928
1972
2018
2065
2113
2163
2213
2265
2317
2371
2427
2483
2541
2600
2661
2723
2786
2851
2917
2985
3055
3126

1191
1219
1247
1276
1306
1337
1368
1400
1432
1466
1500
1535
1570
1607
1644
1683
1722
1762
1803
1845
1888
1932
1977
2023
2070
2118
2168
2218
2270
2323
2377
2432
2489
2547
2606
2667
2729
2793
2858
2924
2992
3062
3133

1194
1222
1250
1279
1309
1340
1371
1403
1435
1469
1503
1538
1574
1611
1648
1687
1726
1766
1807
1849
1892
1936
1982
2028
2075
2123
2173
2223
2275
2328
2382
2438
2495
2553
2612
2673
2735
2799
2864
2931
2999
3069
3141

1197
1225
1253
1282
1312
1343
1374
1406
1439
1472
1507
1542
1578
1614
1652
1690
1730
1770
1811
1854
1897
1941
1986
2032
2080
2128
2178
2228
2280
2333
2388
2443
2500
2559
2618
2679
2742
2805
2871
2938
3006
3076
3148

1199
1227
1256
1285
1315
1346
1377
1409
1442
1476
1510
1545
1581
1618
1656
1694
1734
1774
1816
1858
1901
1945
1991
2037
2084
2133
2183
2234
2286
2339
2393
2449
2506
2564
2624
2685
2748
2812
2877
2944
3013
3083
3155

0
0
0
0
0
0
0
0
0
0
0
0
0
0
0
0
0
0
0
0
0
0
0
0
0
0
0
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1

1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1

1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
1
2
2
2
2
2
2
2
2
2
2
2
2
2
2
2
2

1
1
1
1
1
1
1
1
1
1
1
1
1
1
2
2
2
2
2
2
2
2
2
2
2
2
2
2
2
2
2
2
2
2
2
2
3
3
3
3
3
3
3

1
1
1
1
2
2
2
2
2
2
2
2
2
2
2
2
2
2
2
2
2
2
2
2
2
2
2
3
3
3
3
3
3
3
3
3
3
3
3
3
3
4
4

2
2
2
2
2
2
2
2
2
2
2
2
2
2
2
2
2
2
2
3
3
3
3
3
3
3
3
3
3
3
3
3
3
4
4
4
4
4
4
4
4
4
4

2
2
2
2
2
2
2
2
2
2
2
2
3
3
3
3
3
3
3
3
3
3
3
3
3
3
3
4
4
4
4
4
4
4
4
4
4
4
5
5
5
5
5

2
2
2
2
2
2
3
3
3
3
3
3
3
3
3
3
3
3
3
3
3
4
4
4
4
4
4
4
4
4
4
5
5
5
5
5
5
5
5
5
5
6
6

2
3
3
3
3
3
3
3
3
3
3
3
3
3
3
3
4
4
4
4
4
4
4
4
4
4
4
5
5
5
5
5
5
5
5
6
6
6
6
6
6
6
6

1

2

3

4

5

6

7

8

9

1

2

3

4

5

6

7

8

9

Figure 3
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4.

In the same horizontal row, see the mean difference under the fourth digit (8 in
3478) and add it to 2223. We get (2223 + 4 = 2227).
Write this number in standard form (= 2.227) and multiply by (10) raised to a
power equal to the characteristic part we than get the antilog of the given log value
 Antilog 1 .3478 = 2.227 x 10–1
We will illustrate it by another example.
Find antilog 4.8897
Take the decimal part i.e. .8897
Locate 88 in the first column of the antilog table and read the horizontal line in the
column under 9. The number is 7745. Add mean different under the fourth digit 7
(8897) i.e. 12 to get (7745 + 12) = 7757.
Write it is standard form 7.757 and multiply by 10 characteristic (=104)
 Antilog (4.8897) = 7.757 x 10 4

Use of Logarithms
Example 1: Calculate 22.89 x 7454 x 0.005324
Solution: Suppose x = 22.89 x 7454 x 0.005324
 Log x = log 22.89 + log 7454 + log 0.005324
= log (2.289 x 101 ) + log (7.454 x 103 ) + log (5.324 x 10–3)
= 1.3594 + 3.8665 + 3 .7262
= 5.2261 + 3 .7262 = 5.2261 + (–3 + 0.7262)
= 2.9523
x = Antilog of 2.9523
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Example 2: Evaluate 7245
9798

Solution: Let x be 7245
9798

Taking logs; we get
log x = log
= log 7245 – log 9798
= log (7.245x103) – log (9.798x103)
= 3.8600 – 3.9912
= 1 .8688
 x = Antilog ( 1 .8688)
= 7.392x10–1 = 0.7322
Example 3: Evaluate (4327)7
Solution: Suppose x = (4327)7
log x

= 7 log (4327)
= 7 x log (4.327 x 103)
= 7 x 3.6362 = 25.4534

 x = Antilog (25.4534)
= 2.841 x 1025
Example 4: Evaluate (0.00195)1/5
Solution: Suppose x = (0.00294)1/5
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log x =
=
= 1 (–5+2+0.4698) = 1 (–5+2.4698)
5

5

= (–1+0.49396) = 1 .4940
 x = antilog ( 1 .4940) = 3.119 x 10–1 = 0.3119
Exmaple 5: Evaluate 0.06424

1

5

Solution: Suppose x = 0.06424

1

5

Then log x = 1 log 0.04624
5

= 1
5

= 1 2.6650
5

Negative characteristic should be made multiple of denominator (5), before dividing.
= 1
5

= 1

[Add and subtract 3]

5

= (–1 + 0.7330) = 1 .7330
 x = Antilog ( 1 .7330) = 5.408 x 10–1
= 0.5408
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DO IT YOURSELF
1.

Evaluate the following:
(0.05246) Y8

2.

Find the seventh root of 0.5504

3.

The radius of a given sphere is 27.53 cm. Calculate its area. [Use area A = 4r2]

4.

A cube of mass 42.95 g, has each edge of length 9.32cm. Calculate the density of the
cube. [Density

5.



]

The radius, of a 19.27 cm long cylinder, is 2.573 cm. Calculate the volume of the
cylinder. [Use V = r2h]

ANSWERS
1.

0.6918

2.

0.9182

3.

947.5 cm2

4.

0.5307 g cm–3

5.

2806 cm3
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UNDERSTANDING BINOMIAL THEOREM
Dear Reader
A binomial is a polynomial having two terms e.g. (3x+5), (x3-y3), (2x+3)y,

etc.

The two terms are separated by + or (–) signs. The number of variables in a binomial,
may differ. The first binomial has one variable (x), while the second has two variables, x
and y.
The binomial theorem provides a useful method to raise any binomial to a non-negative
integral power.
Consider the expansion of (x+y)n
We have (x+y)0 = 1 (No. of terms is 1)
(x+y)1 = x+y (No. of terms is 2)
(x+y)2 = x2+2xy+y2 (No. of terms is 3)
(x+y)3 = x3+3x2y+3xy2+y3 (No. of terms is 4)
(x+y)4 = x4+4x3y+6x2y2+4xy3+y4 (No. of terms is 5) and so on.
It is important to note that
(a)

Each s/c (n+1) terms i.e. one more than the integral power. Hence (x+y)11 will have
(11+1) or 12 terms.

(b)

The exponents, of x, decrease from n to 0, while that, of y, increase from 0 to n.

(c)

The degree of each term (the sum of the exponents of x and y) is n.

The coefficients, in a binomial expansion are called binomial coefficients. The
coefficients (in the last of the above examples) are 1; 4; 6; 4; 1. The coefficients, of the
first and the last terms are 1 each and that of the second term, and the second last term
are 4 each (=n).
In the last expansion, the degree of the fourth term, (4xy3) is (1+3) = 4. The 'degree' has
the same value (=4) for all the terms in the last of the above examples.
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Binomial Expansion for Positive Index
If 'n' is a positive integer, x and y are real numbers, we have
x

x

xn

x

x

x

The expansion has (n+1) terms.

Binomial Theorem (For any index)
If n is any number, positive, negative or fractional, and x is any real number between –1
and +1; we have
x

x

x

x

x

x

x

x

Hence, for positive integral values of n, the number of terms is (n+1). For negative and
fractional values of n; the number of terms is infinity, i.e., there is, then, no last term.
For |x|<<1, i.e., for very small values of x; only the first two terms are (usually)
significant. The higher order terms, having being very very small values, cam be
neglected.
x

x

We get,

x

x

x

x

x

x

x

Example 1: Write down the first four terms in the expression of (1+x)–2
Solution:

x

x

=

x

x

x

x

x

Example 2: For x << 1; Show that 1 x
1

x

x
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Solution: We have 1 x
1

x

x

=

x

x

=

x

x

x

= 1–2x [Neglecting x2 for x << 1].
Example 3: The acceleration due to gravity gh , at a height h, above the surface of the
gR 2

earth, is given by g h

R

h

2

where 'g' is the acceleration due to gravity on the earth and R is the radius of the earth.
If h << R, show that

Solution: g h

gR 2
R h

gR 2
2

R

2

h
1
R

2

g 1

h
R

2

(neglecting higher order terminates
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CHEMICAL BONDING
Dear Reader
As you have already studied that the substances exist as discrete units called molecules.
These molecules are formed by the combination of atoms. When these atoms combine, it
is said that a chemical bond has been formed between the atoms. The reason that why
do atoms combine to form molecules is explained on the basis of their electronic
configurations. Atoms of different elements have different electronic configurations. It
has also been observed that the elements of 18 group are quite unreactive and they
contain two electrons (eg. He) or eight electrons (Ne, Ar, Kr, Xe and Rn) in their
outermost shell. This electronic arrangement was therefore, regarded as a stable
configuration. So it was said that all atoms have the tendency to attain this stability by
completing octet (or doublet) in their outer most shell. Atoms generally do so by losing
or gaining electrons when they form ions and oppositely charged ions are held together
to form ionic or electrovalent bond. The second way by which these atoms complete
their octets by sharing of electrons and the bond formed is known as covalent bond.
Formation of these two types of bonds is briefly given below.
Bonding
Ionic Bonds
or
Electrovalent
Bonds

Definition

Representation

Formed between Formation of NaCl:
a metal and a
non-metal.
Complete
transfer of
electrons from
one atom to
another to attain
duplet or octet
configuration.
Formation of
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positive ions by
loss of electrons
and negative
ions by gain of
electrons.
The oppositively
charged ions are
held together by
electrostatic
forces of
attraction.
Non directional
in nature.
Covalent
Bonds

Formed between
non-metals.
Mutual sharing
of electrons
between the
combining
atoms of the
same or
different
elements.
Directional in
nature.

Valency
Electrovalency: the number of electrons lost or gained during the formation of
electrovalent bond. e.g. sodium loses one electron to form Na+ ion , so its valency
(electrovalency) is one.
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Covalency: The number of electrons contributed by each atom. e.g. covalency of
chlorine is one.
Variable valency: an atom can have different valencies and still be stable.

List of some cations
Charge 1+
CATION

NAME

H+

Hydrogen ion

Li+

Lithium ion

Na+

Sodium ion

K+

Potassium ion

Ag+

Silver ion

Charge 2+
CATION

NAME

Mg2+

Magnesium ion

Ca2+

Calcium ion

Ba2+

Barium ion

Zn2+

Zinc ion

Cu2+

Copper ion

Fe2+

Ferrous ion
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Charge 3+
CATION

NAME

Al3+

Aluminium ion

Cr3+

Chromium ion

Bi3+

Bismuth ion

Sb3+

Antimony ion

Fe3+

Ferric ion

Polyatomic cation: NH4+ (Ammonium ion)
H3O+ (Hydronium ion)

List of some anions
Charge 1ANION

NAME

Charge 2ANION

Charge 3-

NAME

ANION

NAME

H-

Hydride

O2-

Oxide

N3-

Nitride

F-

Fluoride

S2-

Sulphide

P3-

Phosphide

Cl-

Chloride

Br-

Bromide

I-

Iodide

List of some polyatomic anions
ANION

NAME

ANION

NAME

ANION

NAME

OH-

Hydroxide

CO32-

Carbonate

PO43-

Phosphate

NO2-

Nitrite

SO42-

Sulphate

BO33-

Borate

NO3-

Nitrate

C2O42-

Oxalate

MnO4-

Permanganate MnO42-

HCO3-

Bicarbonate

Manganate
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Writing the formulae of Molecular Compounds
Knowing the valences of the atoms or ions present in a compound, its formula can be
written as explained in the following steps.
(i)

The symbol of the constituting atoms or ions is written side by side.

(ii)

For ionic compounds first positively charged ion (cation) is written and then
negatively charged ion (anion) is written.

(iii) The valency of each atom or ion is written under it.
(iv) These valencies are then criss-crossed and written on the bottom right of the other
species.
(v)

If needed, these valencies are divided by a common factor to get small whole
number.

Some examples are given below:
Formula of Hydrogen sulphide
Symbols:

H

S

Valencies:

1

2

Formula

H2S1

or

H2S

Writing the formulae of Ionic Compounds
Formula of Sodium oxide
Symbols:

NaO

Valencies:

1+

Formula

Na2O1

2or

Na2O
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Polar Covalent Bond
In molecules like chlorine ( C" 2 ), the electron pair is shared between two chlorine atoms
because both have the same electronegativity. Such a bond is known as non-polar
covalent bond.
Let us now consider a heteronuclear diatomic molecule like hydrogen chloride ( HC" ).
Here, we find that chlorine atom has higher electronegativity than the hydrogen atom.
So the shared pair of electrons is attracted more towards the chlorine atom. Due to this
unequal distribution of electrons, the chlorine end of the molecule acquires slight
negative charge and hydrogen end becomes slightly positive. Such molecules having
two oppositely charged poles are called polar molecules and the bond is said to be a
polar covalent bond. Such molecules are generally represented as shown below:
S

S-

H - C"

Metallic Bonding
Metals consist of atoms only, then how they are held together? This is explained by a
different type of bonding called metallic bonding.
In the atoms of metals, the electrons in the outermost orbit are loosely held and they are
also called free electrons. The remainder portion of the atom is known as Kernal which
is positively charged. These positively charged spheres are packed in a regular fashion.
The free electrons are mobile in nature and move from one kernal to another
throughout the metal. The metal crystal may be pictured as an arrangement of positive
ions immersed in a sea of electrons. Hence a metallic bond may be defined as the bond
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formed as a result of simultaneous attraction of an electron by two or more than two
positive ions of the metal.

Hydrogen Bond
Whenever a substance contains a hydrogen atom linked to a highly electronegative
atom like N, O or F, then this becomes a polar covalent bond. In this the hydrogen atom
becomes slightly (+)ve and the other atom becomes slightly (-)ve. The negative end of
one molecule attracts the positively charged hydrogen of the other molecule and in this
way, a bond is formed which is called hydrogen bond and is represented by a dotted
line. For example, the hydrogen bond in water can be shown as below:

In this type of bonding, the hydrogen atom is attached simultaneously to two
electronegative atoms, and it acts as bridge between two molecules. This type of
hydrogen bonding is more specifically known as intermolecular hydrogen bonding.
Such a bond may occur between two functional groups present in the same molecule
then it is known as intramolecular hydrogen bonding.
Both the types of hydrogen bonds affect the physical properties of various substances.
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SUGGESTED VIDEO LINKS
https://youtu.be/d9Xpt5Xh_D4
https://youtu.be/5IJqPU11ngY
https://youtu.be/X9FbSsO_beg
https://youtu.be/Bi0rUNV8mEw

DO IT YOURSELF
I.

Multiple choice questions:
1.

2.

3.

4.

Ionic compounds conduct electricity :
a.

In molten form as there are free electrons.

b.

In solid form as there are free ions.

c.

In molten form as there are free ions.

d.

In solid form as there are free electrons.

Which of the following represents a molecular substance?
a.

NaCl

b.

CO2

c.

MgCl2

d.

Al2O3

The type of bonding existing in C2H5OH is:
a.

Covalent bond.

b.

Ionic bond.

c.

Polar covalent bond.

d.

Polar covalent bond and hydrogen bonding

The formula of a compound is X2Y3. The valencies of elements X and Y will
be respectively:
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5.

6.

a.

2 and 3

b.

3 and 2

c.

1 and 3

d.

3 and 1

Silicon belongs to the 14th group. The formula of its oxide is:
a.

SiO2

b.

SiO

c.

Si2O

d.

SiO4

Given below is the arrangement of electrons for the elements P, Q, R, S and T
respectively. Identify the elements which have the same valency?

P

II.

a.

P and Q

b.

P and R

c.

P, R and S

d.

Q and S

Q

R

S

Fill in the blanks:
1.

Group of atoms carrying a positive charge ______________.

2.

More than one valency shown by an element is called ______________
valency.

3.

Ionic compounds are generally soluble in ____________.
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4.

Ionic compounds are good conductor of electricity in the ________________ or
in their ________________.

5.

The _____________ compounds exist as molecules.

6.

KMnO4 is an example of a compound having both _____________ and
________ bonds.

III. Short answer questions:
1.

Define chemical bond.

2.

Write two main causes for the formation of a chemical bond.

3.

HCl is a covalent compound but it ionizes in the solution. Why?

4.

Metals conduct electricity. Why?

5.

The formula of the compound is A2B3.What are the number of electrons in the
outermost orbit of A and B respectively?

IV. Answer the following:
The electronic configuration of four elements A, B, C and D are as follows:
K

L

M

A

2

8

B

2

6

C

2

8

2

D

2

8

7

1.

The most stable form of A is ________.

2.

The formula of compound formed between C and D is _________.

3.

The formula of compound formed between B and D is __________.

4.

The type of compound formed between B and D is __________.
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V.

Complete the following table:
Chemical compound

Cation

Anion

Chemical formula

Calcium bicarbonate

Ca2+

1.______

2.________

Calcium oxalate

Ca2+

3._______

4._______

5._______

6._______.

7._______

NH4NO3

Chromium sulphate

8._______.

9._______.

10.______.

ANSWERS
I.

II.

Multiple choice questions:
1.

c

2.

b

3.

d

4.

b

5.

a

6.

d

Fill in the blanks:
1.

Polyatomic cation

2.

Variable

3.

Water

4.

Solution, molten states

5.

Covalent

6.

Ionic, covalent
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III. Short answers:
1.

The attractive force which holds together the constituent particles in a
chemical species.

2.

The two main causes are:
Tendency to acquire noble gas configuration
Tendency to acquire minimum energy

3.

HCl is a polar covalent compound.

4.

Metals conduct electricity because their electrons are mobile.

5.

3 and 6.

IV. Answer the following:

V.

1.

A

2.

CD2

3.

BD4

4.

Covalent

Complete the following table:
1.

HCO3-

2.

Ca(HCO3)2

3.

C2O42-

4.

CaC2O4

5.

Ammonium nitrate

6.

NH4+

7.

NO3-

8.

Cr3+

9.

SO42-

10. Cr2(SO4)3
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MOLE CONCEPT AND STOICHIOMETRY
Dear Reader
You have studied about the term 'mole' in your previous class. It is defined as the
amount of a substance containing as many constituting particles (atoms, molecules or
ions) as there are carbon atoms in 12g of carbon-12 ( 126 C isotope). 12g carbon contains
6.022 x 1023 atoms and this number is called Avogadro's number. Thus the collection of
6.022 x 1023 atoms of an atomic substance is one mole. It was also observed that the
mass of one mole of an atomic substance is equal to its atomic mass in grams. For
example, the atomic mass of sodium is 23u, so 23g of sodium constitute one mole and
this amount will contain 6.022 x 1023 atoms of sodium.
Similarly the mass of one mole of a molecular substance will be equal to its molecular
mass in grams which is also known as molar mass. For example a mole of CH4 will be
12 + 4 = 16 grams or in other words we can say that the mass of 6.022 x 1023 molecules of
methane would be 16g or it is said that the molar mass of methane is 16g mol-1.
no. of moles

given mass of subs tan ce ( g )
Molar mass of subs tan ce( g mol 1 )

No. of moles

Given
number of particles
G
Avogadro number

Mole can be related to other quantities in the following manner:
23

Molar mass of a
substance in g/mol

One Mole of a
substance

Avogadro number 6.022 10 of
entities
(atoms/ions/molecules/electrons

22.4 L of a gas at STP (standard temp
0oC/273K and standard pressure 1 atm)
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Let us recall that a chemical reaction can be represented by a chemical equation written
in terms of the symbols and formulae of the reactants and products involved. The
equation can be made more meaningful by
(a)

Balancing the number of atoms of each element of the reactants and products. (to
satisfy the law of conservation of mass)

(b)

Writing the physical states of the reactants and products. (s- solid, l-liquid, g-gas,
aq-aqueous)

(c)

By mentioning the amount of heat evolved or absorbed during a chemical
reaction.

(d) For example the reaction taking place in Haber’s process for manufacture of
ammonia gas can be represented in the form of chemical equation as:

3H 2 ( g ) N 2 ( g )

2N
NH 3 ( g ) 92
9 .4kJ

Let us now learn about the Stoichiometry of Chemical reactions
One of the most important aspects of a chemical equation is that when it is written in
the balanced form, it gives quantitative relationships between the various reactants and
products in terms of moles, masses, molecules and volumes.
This is called
stoichiometry (Greek word, meaning to ‘measure an element’). The coefficients of the
balanced equation are called stochiometric coefficients.
Consider the reaction;

CH 4 ( g ) 2O2 ( g )

CO2 ( g ) 2 H 2 O( g )

We can interpret the equation in the
following manner
(i)

1 mol of Methane gas react with 2
mol oxygen gas to form 1 mol carbon dioxide and 2 mol of H2O (g).

(ii)

16 g of Methane gas reacts with (2×32g) = 64 g oxygen gas to form 44 g carbon
dioxide and (2×18) = 36 g of H2O (g).
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(iii) 1 volume (22.4 L) of methane gas react with 2 volumes (44.8 L) of oxygen gas to
form 1 volume(22.4L) of CO2(g) and 2 volumes (44.8 L) of H2O (g) under STP
conditions.
To solve the numerical problems, following steps have to be followed:
(i)

Write the balanced chemical equation in molecular form.

(ii)

Select the symbols and formulae of the species (atoms and molecules) whose
weights/ volumes are either given or to be calculated.

(iii) Write down the molar masses/ moles/ molar volumes of the selected species
involved in the calculations.
(iv) Calculate the quantity of the desired substance by simple mathematical
calculations (unitary method)
Example 1 (Involving mass-mass relationship)
What mass of copper oxide will be obtained by heating 12.35g of copper carbonate?
(Atomic mass of Cu = 63.5 u)

CuCO3 ( s )

hheat
eatt

Cu
CuO( s ) C
CO2

63.5+12+48

63.5+16

=123.5g

=79.5g

123.5g of copper carbonate upon heating give CuO = 79.5 g
1.0g of copper carbonate upon heating gives CuO =

79.5
g
123.5

12.35g of copper carbonate upon heating give CuO =

79.5
12.35 7.95g
123.5

Example 2 (Involving mass-volume relationship)
KC " O3 on heating decomposes to give KC " and O2. What is the volume of O2 at STP
liberated by 0.2 mol of KClO3?
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2 KC "O3 ( s )

heat

KC "( s ) 3O2 ( g )
3×22.4 L = 67.2 "

2 mol

2 mol of KC " O3 evolve O2 at STP = 67.2 "
1 mol of KC " O3 evolves O2 at STP =
0.2 mol of KC " O3 evolve O2 at STP =

67.2
"
2
67.2
0.2" 6.72"
2

Example 3 (Involving volume-volume relationship)
What volume of oxygen at STP is required to affect complete combustion of 300 cm3 of
acetylene?
Combustion of Acetylene:

2C2 H 2 ( g ) 5O2 ( g )

4C
4CO2 ( g ) 2 H 2O( g )

2 Vol.

4 Vol.

5 Vol.

2 Vol. of C2H2 require O2 for complete combustion = 5 Vol.
300 cm3 of C2H2 require O2 for complete combustion =

5
3
300 7
750 cm3
2

SUGGESTED VIDEO LINKS
http://www.learnerstv.com/video/Free-video-Lecture-9206-Chemistry.htm
http://www.learnerstv.com/video/Free-video-Lecture-9208-Chemistry.htm

DO IT YOURSELF
I.

Multiple choice Questions (with one or more than one correct answer/s) :
1.

27 g of Al (at. Mass 27 u) will react with oxygen equal to
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2.

3.

4.

5.

(a)

24 g

(c)

8 g

(b)

40 g

(d)

10 g

10 g CaCO3 on reaction with HCl acid will produce CO2
(a)

1120 cm3

(c)

2240 cm3

(b)

112 cm3

(d)

224 cm3

8 g O2 has the same number of molecules as
(a)

7 g CO

(c)

14 g N2

(b)

11 g CO2

(d)

16 g SO2

1 g Mg was burnt in a closed vessel containing 2 g of oxygen. The incorrect
statements are:
(a)

0.25 g of Mg will be left unburnt.

(b)

1.33 g of O2 will be left unreacted.

(c)

2.5 g of MgO will be formed

(d)

The mixture at the end will weigh 3 g.

One atom of Phosphorus has a relative atomic mass 24 u. Its molecule has
four phosphorus atoms. Use this information to fill in the following boxes.
Molar mass of
Phosphorus molecule

No of molecules in one
mole of phosphorus
molecule

Phosphorus

Mass of one mole
of Phosphorus
atoms
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Number of atoms in one
mole of Phosphorus
molecule

6.

II.

Match the entries of column I with appropriate entries of column II
Column I

Column II

(No. of moles)

(Amount of substance)

A

0.1 mol

P

4480 mL of CO2 at STP

B

0.2 mol

Q

0.1 g atom of Fe

C

0.25 mol

R

1.5×1023 molecules of oxygen gas

D

0.5 mol

S

9 mL of water

T

200 mg of hydrogen gas

Fill in the blanks:
1.

The number of g –atom of oxygen in 6.022×1022 CO molecules is -------.

2.

In the reaction: 2 Al ( s) 6 HCl (aq)

2A
2 Al 3 (aq) 6Cl (aq) 3H 2 ( g ) , The volume

of H2(g) at STP produced for every mole of HCl(aq) consumed is --------.
3.

If ten volumes of dihydrogen gas reacts with five volumes of dioxygen gas, ------- volumes of water vapour are produced.

4.

Mass of one 12C atom in grams = -------

ANSWERS
I.

Multiple choice questions:
1.

(a)

2.

(c)

3.

(a), (b), (d)
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4.

(a), (c)

5.
Molar mass of
Phosphorus molecule =
96 g/ mol

No of molecules in one
mole of phosphorus
molecule= 6.022×1023

Number of atoms in one
mole of Phosphorus
molecule= 4×6.022×1023=
2.4088×1024

Phosphoru

Mass of one mole of
Phosphorus atoms =24g

6.
II.

A – Q, T

B–P

C–R

Fill in the blanks:
1.

0.1

2.

11.2 L

3.

10 volumes

4.

1.9927×10-23 g
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D–S

THERMODYNAMICS
Dear Reader
You are familiar with many chemical reactions which are accompanied by the
absorption or release of energy. For example, when coal burns in air, a lot of heat is
given out. Another example is the decomposition of water into oxygen and hydrogen
when electricity is passed through it. Both heat and electricity are different forms of
energy.
The branch of Science that deals with quantitative aspects of interconversion of various
forms of energy and conversion of energy into work or vice-versa is called
Thermodynamics. Thermodynamics of chemical processes is studied under
Thermochemistry.
The two most important terms used in thermodynamics are system and surroundings.
A thermodynamic system is that part of the universe which is selected for investigation.
Everything that is not a part of the system, constitutes the surroundings.

Figure 1

The system and surroundings are separated by a boundary.
If our system is a gas in a container, then the boundary is simply the inner wall of
the container itself. The boundary need not be a physical barrier.
The single property that the boundary must have is that it should be clearly
defined, so we can unambiguously say whether a given part of the world is in our
system or in the surroundings.
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Properties and the state of a system
The properties of a system are those quantities such as the pressure, volume,
temperature, and its composition, which are measurable and capable of assuming
definite values.
These have special significance because they determine the values of all the other
properties; they are therefore known as state properties because if their values are
known then the system is in a definite state.

Change of state: the meaning of Δ
In dealing with thermodynamics, we must be able to unambiguously define the
change in the state of a system when it undergoes to some process. This is done by
specifying changes in the values of the different state properties using the symbol
Δ (delta) as illustrated here for a change in the volume:
ΔV = Vfinal – Vinitial
You can compute similar delta-values for changes in P, T, ni (the number of moles
of component i)
Let us discuss the units of Energy
Energy is measured in terms of its ability to perform work or to transfer heat.
Mechanical work is done when a force F displaces an object by a distance d:
Work (W) = F × d.
The basic unit of energy is Joule.
One joule is the amount of work done when a force of 1 Newton acts over a
distance of 1 m;
Thus 1J = 1 Nm.
The Newton is the amount of force required to accelerate a 1kg mass by 1 m/sec2,
so the basic dimensions of the joule are kg m2 s–2.
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Now we take two more familiar terms: Heat and work
Heat (q) and work (w) are both measured in energy units, so they must both represent
energy. The term "heat" has a special meaning in thermodynamics; it is a process in
which a body acquires or loses energy as a direct consequence of its having a different
temperature than its surroundings (the rest of the world).
When two bodies are placed in thermal contact and energy flows from the warmer
body to the cooler one, we call the process transfer of “heat”.
A transfer of energy to or from a system by any means other than heat is called
“work”.
Work refers to the transfer of energy by some means that does not depend on
temperature difference. Work, like heat, exists only when energy is being
transferred.
Work, like energy, can take various forms, the most familiar being mechanical and
electrical.
Let us know about Inter-convertibility of heat and work
Work can be completely converted into heat (e.g. by friction), but heat can only be
partially converted into work.

Sign Conversations for Heat and Work
Heat is given positive sign (q = (+)ve) if it is absorbed by the system (endothermic
process) and is given negative sign (q = (-)ve) when it is lost by the system (exothermic
process).
Work is considered as (+)ve when it is done on the system and is (-)ve when it is done
by the system.

Law of Conservation of Energy
This law can be stated in any of the following ways:
Energy can neither be created nor be destroyed, although it may be converted from
one form to another.
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Energy of an isolated system remains constant. A system is said to be isolated if it
can not exchange energy or work with the surroundings.
The energy of universe is constant.

Internal Energy (U)
Internal Energy is the total energy possessed by a system. It includes the entire energy
of its constituent atoms and molecules, all forms of kinetic energy (translational,
rotational and vibrational) as well as the potential energy due to all types of interactions
between molecules, atoms and sub-atomic particles.
Since the absolute value of internal energy cannot be determined. The change in
internal energy during any process is given by

ΔU = U final - U initial

Heat changes at constant pressure: the Enthalpy
For a chemical reaction that performs no work on the surroundings, the heat
absorbed is the same as the change in internal energy: q = ΔU. But many chemical
processes do involve work in one form or another.
A thermodynamic function of a system, equivalent to the sum of the internal
energy (U) of the system and the product of its volume multiplied by the pressure
exerted on it (PV)by its surroundings is called Enthalpy(H). H is also called heat
content, total heat and can be represented by the equation:
H=U+PV
Let us discuss the heat changes in different forms of Reactions:
On the basis of heat changes reactions can be of two types:
1.

Exothermic Reactions

2.

Endothermic Reactions
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Exothermic Reactions
An exothermic chemical reaction transfers energy to the surroundings.
Reactants → products + energy
If the products contain less energy than the reactants, heat is released or given
out to the surroundings and the change is called an exothermic
reaction (exothermic energy transfer, exothermic energy change of the system).

Figure 2

Endothermic Reactions
An endothermic chemical reaction absorbs energy from the surroundings.
reactants + energy → products
If the products contain more energy than the reactants, heat is taken in or absorbed
from the surroundings and the change is called an endothermic
reaction (endothermic energy transfer, endothermic energy change of the system).

Figure 3
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Difference between Endothermic and Exothermic Reactions:
Exothermic

Endothermic

System loses energy

System gains energy

Surroundings gain energy

Surroundings lose energy

Surroundings become warmer

Surroundings become cooler

Value of H is negative

Value of H is positive

Energy adds on right side of the
equation (with products)

Energy adds on left side of the
equation (with reactants)

SUGGESTED VIDEO LINKS
https://www.youtube.com/watch?v=rxwmn0NH4s8
https://www.youtube.com/watch?v=TJpZpUdMVxc
https://www.youtube.com/watch?v=pTujFtkucwA
https://www.youtube.com/watch?v=fsHc7B9dgwI
https://www.youtube.com/watch?v=VGqFnMG2eO8
https://www.youtube.com/watch?v=ubteilhOilc
https://www.youtube.com/watch?v=YC72Tn4SEjg

DO IT YOURSELF
Fill in the blanks:
1.

Thermo-chemistry deals with ________________. (Thermal Chemistry, Mechanical
Energy, Potential Energy)

2.

The factor E + PV is known as __________. (Heat content, Change in Enthalpy,
Work done)
166

3.

Anything under examination in the Laboratory is called __________. (Reactant,
System, Electrolyte)

4.

The environment in which the system is studied in the laboratory is called
__________. (Conditions, Surroundings, State)

5.

An endothermic reaction is one, which occurs__________. (With evolution of heat,
With absorption of Heat, In forward Direction)

6.

An exothermic reaction is one during which __________. (Heat is liberated, Heat is
absorbed, no change of heat occurs)

7.

The equation C + O2 → CO2 H = -408KJ represents ________________ reaction.
(Endothermic, Exothermic, Reversible)

8.

The equation N2 + O2 → 2NO ΔH = 180KJ represents ________________ reaction.
(Endothermic, Exothermic, Irreversible)

9.

Enthalpy is __________. (Heat content, Internal energy, Potential Energy)

10.

When the bonds being broken are more than those being formed in a chemical
reaction, then ΔH will be __________. (Positive, Negative, Zero)

11.

When the bonds being formed are more than those being broken in a chemical
reaction, then the ΔH will be __________. (Positive, Negative, Zero)

12.

The enthalpy change when a reaction is completed in single step will be
__________ as compared to that when it is completed in more than one step. (Equal
to, Partially different from, Entirely different from)

13.

The enthalpy of a system is represented by __________. (H, ΔH, ΔE)

14.

The total heat change in a reaction is the ___________whether it takes place in one
or several steps. (same, different, varies)

15.

If the enthalpy is negative the reaction is __________.

16.

If the enthalpy of a reaction is positive, the reaction is___________.
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17.

If the products have greater total bond energy than the reactants the reaction will
be___________.

18.

If the products have less total bond energy than the reactants the reaction will
be___________.

19.

Write in detail:
What is the information conveyed by chemical equations1.

----------------------------------------------------------------------------------------------------

2.

----------------------------------------------------------------------------------------------------

3.

----------------------------------------------------------------------------------------------------

4.

----------------------------------------------------------------------------------------------------

ANSWERS
1.

Thermal Chemistry

2.

Change in Enthalpy

3.

System

4.

Surroundings

5.

With absorption of Heat

6.

Heat is liberated

7.

Exothermic

8.

Endothermic

9.

Heat content

10.

Negative

11.

Positive

12.

Equal to

13. ΔH

14.

Same

15.

Exothermic

16.

Endothermic

17.

Exothermic

18.

Endothermic

19.

(Write all possible information)
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EQUILIBRIUM
Dear Reader
Let us recall the phase transformations studied in class IX.
We learnt that water and ice coexist at 0oC and atmospheric pressure. Similarly at
100oC, water and water vapour coexist.
The above facts can be explained on the basis of the term Equilibrium.

Phase transformation

Equilibrium represents the state of a process in which the properties like temperature,
pressure, concentration of the system do not show any change with the passage of time.
In all processes which attain equilibrium, two opposing processes are involved. When
the rates of the two opposing processes become equal, it is said that the state of
equilibrium has been attained.

If the opposing processes
involve only physical changes,
the equilibrium is called
physical equilibrium.
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The symbol

represents reversibility or equilibrium.

The state of equilibrium when two opposite forces balance each other and no change
occurs at all in the system is said to be in a state of static equilibrium. eg. When two
well matched people sit on the opposite sides of a see saw.

Static equilibrium

When at equilibrium it appears that no
change is taking place in the system, but
actually both the processes are taking place at
equal rates in the forward and backward
direction, it is called Dynamic nature of
equilibrium.

While static equilibrium results from ‘no
change’ occurring in the system, dynamic
equilibrium results from ‘no net change’
due to two equal but opposite changes
occurring simultaneously.

Consider the example of a bucket which is fitted with a tap at the bottom. If we adjust
the tap so that the water flows out of the bucket at the same rate as the rate of filling, the
level of water in the bucket becomes stationary. This is the state of dynamic
equilibrium

Dynamic equilibrium
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Equilibria in Physical Processes
The most common equilibria involving physical processes are those which involve
phase transformation. Besides these, there are equilibria involving dissolution of solids
or gases in liquids. They have been discussed below.
Some Features of Physical equilibria
Process with example

Solid
ice)
H2O(s)

Liquid (Melting of
L

Property becoming
constant at equilibrium

Rate of melting of ice= rate
of freezing of water.

Melting point at constant
pressure

Rate of evaporation = Rate
of condensation

Vapour pressure at
constant temperature.

H2O(l)

Liquid
Gas
G
(Evaporation of water in
closed vessel)
H2O(l)

Rates becoming Equal

(The pressure exerted by
the vapours in
equilibrium with the
liquid at that
temperature is called
vapour pressure of the
liquid)

H2O(g)

Solute (s)
Solute(solution)

Rate of dissolution = Rate
of precipitation

Concentration of the
solute in the solution at
given temperature.

Mass of the gas dissolved is
constant for constant

[Gas ( aq)]
=Constant at a
[Gas ( g )]

Dissolution of sugar in
water.
Sugar(s)
Gas(g)

Sugar(solution)
S
Gas (aq)

Dissolution of a gas in a
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liquid under pressure in a
closed vessel)
CO2(g)

equilibrium pressure at
constant temperature.

CO2(aq)

given temperature.
(Square bracket
represents molar
concentration)

General Characteristics of Equilibria involving Physical Processes
(1)

At equilibrium, some observable property of the system becomes constant.

(2)

Equilibria involving gases can be attained only in closed vessels. (Otherwise the
gas will escape and there will be no equilibrium.

(3)

Equilibrium is dynamic in nature i.e. there are two opposing processes taking
place at equal rates)

(4)

At equilibrium, the concentration of the different substances becomes constant at
constant temperature.

(5)

At equilibrium, there exists an expression involving the concentration of the
substances which is constant at constant temperature.
eg. , for CO2 (g)

CO2 (aq)

CO2 (aq)
=constant at constant temperature. This constant is called equilibrium
CO2 ( g )
constant.
(6)

The magnitude of the equilibrium constant represents the extent to which the
reaction proceeds before equilibrium is attained.

Chemical Equilibrium
When equilibrium is reached in a chemical process it is called chemical equilibrium.
Recall the difference between reversible and irreversible reaction
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Reversible reaction

Irreversible reaction

If a reaction can take place not
only in the forward direction
but also in the backward
direction under the same
conditions

If a reaction cannot take place in
the reverse direction i.e. the
products formed do not react to
give back the reactants under the
same condition.

It is represented by a double It is represented by a single arrow
( )
arrow (
)
A chemical equilibrium results from a reversible reaction occurring at equal rates in
both the directions.
Example 1:
H2(g) + I2(g)

2 HI(g)

If H2 and I2 are enclosed in a glass bulb at equimolar ratio, the colour is deep purple in
the beginning, due to the presence of I2. As time passes, the intensity of the colour
decreases due to the formation of colourless HI. After some time, the colour becomes
constant indicating the state of equilibrium.

(Variation in reaction rates for forward and backward reaction with time)
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Example 2: Decomposition of N2O4 in a closed vessel
N2O4 (g)

2 NO2 (g)

If N2O4 is taken in a sealed glass bulb and placed in ice, it is almost colourless. Now, if
the sealed bulb is shifted to a vessel containing water at 25oC, the bulb starts acquiring
brown colour which first deepens and then becomes constant. This indicates a state of
equilibrium in which the concentrations of N2O4 and NO2 have become constant.

Characteristics of chemical equilibrium
(i)

At equilibrium, the concentration of each of the reactants and products becomes
constant.

(ii)

At equilibrium, the rate of forward reaction becomes equal to the rate of backward
direction and hence equilibrium is dynamic in nature.

(iii) A chemical equilibrium is established if none of the products is allowed to escape
or separate out as solid.
(iv) Chemical equilibrium can be attained from either direction.
(v)

A catalyst does not alter the state of equilibrium.

Detailed study of Equilibrium will be dealt with in Class XI.

SUGGESTED VIDEO LINKS
http://www.learnerstv.com/video/Free-video-Lecture-9195-Chemistry.htm
http://learn.mindset.co.za/resources/physical-sciences/grade-12/chemicalequilibrium/01-introduction-chemical-equilibrium
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DO IT YOURSELF
I.

Multiple choice questions:
1.

Identify whether the given system is at equilibrium or not?
(a)

A burning candle

(b)

Water and ice in a beaker at -5oC.

(c)

Undissolved sugar in a test tube containing its saturated solution.

(d) A sealed bottle containing alcohol.
2.

Identify whether the equilibrium in the following systems is static or
dynamic:
(a)

Common salt in its own saturated solution in water.

(b)

Sugar kept in a closed glass bottle.

(c)

Carbon dioxide in a sealed bottle of a soft drink

(d) Iodine crystals kept in a closed vessel.
3.

Which of the following is not a general characteristic of equilibria
involving physical processes?
(a)

Equilibrium is possible only in a closed system at a given temperature.

(b)

All measurable properties of a system are constant at equilibrium.

(c)

All the physical processes stop at equilibrium.

(d) The opposing processes occur at the same rate and there is a dynamic
but stable condition.
4.

At a particular temperature and atmospheric pressure, the solid and liquid
phases can exist in equilibrium. Which of the following terms define(s) this
temperature?
(i)

Normal melting point

(ii)

Equilibrium temperature

(iii) Boiling point
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(iv) Freezing point

5.

6.

(a)

(i) and (ii)

(b)

(i) and (iv)

(c)

(i) only

(d)

(iv) only

When a volatile liquid is introduced into an evacuated closed vessel at a
particular temperature, both evaporation and condensation takes place
simultaneously. The system reaches equilibrium state when
(a)

the liquid is completely transformed into the corresponding vapour.

(b)

equal amounts of liquid and vapour are present in the system.

(c)

the rate of evaporation becomes equal to rate of condensation .

(d)

liquid cannot be converted into vapour and vice versa.

For a specific reaction, which of the following statements can be made
about K, the equilibrium constant?
(a)

It always remains the same at different reaction conditions

(b)

It increases if the concentration of one of the products is increased.

(c)

It changes with change in temperature.

(d) It may be changed by addition of a catalyst.
7.

When the system A + B

C + D is at equilibrium

(a)

The sum of the concentrations of A and B must be equal to the sum of
the concentrations of C and D

(b)

Both the forward and the reverse reactions have stopped.

(c)

The reverse reaction has stopped

(d) The reactions take place at equal rates in the forward and the reverse
direction
8.

Assertion (A): For any chemical reaction at a particular temperature, the
equilibrium constant is fixed and is a characteristic property.
Reason (R): Equilibrium constant is independent of temperature.
(a)

true and R is the correct explanation of A
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II.

(b)

Both A and R are true but R is not the correct explanation of A

(c)

A is true but R is false.

(d)

Both A and R is false.

Match the following:
1.

Match the following equilibrium with the corresponding condition:
(1)

Liquid

(2)

Solid

(3)

Solid

(4)

Solute(s)

(a)

Saturated solution

Liquid
L

(b)

Boiling point

Vapour

(c)

Sublimation point

V
Vapour

Solute(solution)
S

(d) Melting pont
(e ) Unsaturated solution

2.

Match the following graphical variation (concentration vs. time) with their
description:
(a)

Variation in product concentration
with time

(b)

Reaction at equilibrium

(i)

(ii)
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(c)

Variation in reactant concentration
with time.

(iii)

ANSWERS
I.

Multiple choice questions:
1.

2.

II.

(a)

No

(b)

No

(c)

Yes

(d)

Yes

(a)

Dynamic

(b)

Static

(c)

Dynamic

(d)

Dynamic

3.

(c)

4.

(b)

5.

(c)

6.

(c)

7.

(d)

8.

(c)

Match the following:
1.

2.

1; (b)

2; (d)

3; (c)

4;(a)

(i)

c

(ii)

(a)

(iii)
178

(b)

REDOX REACTIONS
Dear Reader
You have studied about different types of reactions in your previous class. One of those
reactions are oxidation-reduction reactions. In order to understand these reactions, let
us first learn about the process of oxidation and reduction with the help of following
examples.
When charcoal burns in air, it form carbon monoxide and carbon dioxide depending
upon the availability of oxygen.
2C(s) + O2(g)
C(s) + O2(g)

2CO(g)
CO(g)

A piece of magnesium burns in air to form magnesium oxide
2Mg(s) + O2(g)

2MgO(s)

In the above reactions, an element combines with oxygen to form an oxide. This process
of combining an element with oxygen is known as oxidation. Reverse of this process,
that is when a compound loses oxygen, is termed as reduction.
Now look at the following reactions.
F2(g) + H2(g)

2HF(l)

N2(g) + 3 H2(g)

2NH3(g)

We find that in these reactions hydrogen has added to fluorine or nitrogen. The
processes of oxidation or reduction are also defined on the basis of reaction with
hydrogen. A reaction in which hydrogen is added , is known as reduction and the
process which involves the loss of hydrogen is called oxidation.
Let’s investigate the following reactions
Fe2O3(s) + 2 Al (s)
2 NH3(g) + 3 Cl2(g)

Al2O3(s) + 2 Fe(s)
N2(g) + 6 HCl(g)

In the first reaction , we find that ferric oxide has lost oxygen , hence it is reduced and
that oxygen has been taken up by aluminium, so aluminium is oxidised. In the second
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reaction ammonia has lost hydrogen, so it is oxidised and chlorine is reduced because it
has taken that hydrogen. So we observe that in the above reactions , the process of
oxidation and reduction is occurring simultaneously. Such reactions are termed as
redox reactions.

Oxidation and reduction in terms of electron transfer
Let us look again at the reaction of magnesium with oxygen in a way as you have
studied in bond formation. We split the reaction in two half reactions as given below.
Mg

Mg2+ + 2 e—

O 2 + 4 e—

2 O2-

In the first half reaction, each magnesium atom loses two electrons to form an Mg2+ ion
and in the second half reaction ,each O2 molecule gains four electrons to form two O2ions. These ions exist together as magnesium oxide. The complete reaction can also be
written as given below
2 Mg + O2

2 [Mg2+][O2—]

As we have discussed, magnesium is said to be oxidised in this reaction because it has
combined with oxygen but in this process it has lost electrons. So the process of
oxidation can be defined in terms of electrons as the process involving loss of electrons.
The reverse process where the electrons are gained is termed as reduction. In the above
reaction , magnesium is oxidised and oxygen is reduced. The processes of oxidation and
reduction always occur together because if one species loses the electrons ,there must be
another species to accept these electrons. It is impossible to have one without the other,
as shown in the figure below.

Another type of reactions involving displacement of metals, with which you are
familiar, can also be classified as redox reactions. If a nail of iron is placed in a solution
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of copper sulphate , metallic copper is deposited on the iron nail and some iron passes
into the solution as Fe2+ ions and forming ferrous sulphate.

Fe(s) + CuSO4(aq)

Cu(s) + FeSO4(aq)

In terms of electrons, this reaction can be divided into oxidation and reduction halves.
Fe(s)

Fe2+(aq) + 2e

Cu2+(aq) + 2e

(Oxidation)

Cu(s) (Reduction)

The substance which accepts the electrons and gets reduced is known as oxidising
agent because it has oxidised the other species. For example in the above reaction
copper ions are oxidising agent. The species which loses electrons , gets oxidised in the
process and reduces the other species, hence is called reducing agent. So in the above
reaction Fe is a reducing agent.
The relationship between oxidising and reducing agents can be clearly understood with
the help of the following diagram.
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The process of oxidation and reduction can also be looked into by using the concept of
oxidation number which you will study in class XI.

SUGGESTED VIDEO LINKS
http://learn.mindset.co.za/resources/physical-sciences/grade-11/chemicalchange-types-reactions-redox-reactions/01-introduction-redox-reactions
http://www.learnerstv.com/video/Free-video-Lecture-9210-Chemistry.htm
https://www.youtube.com/watch?v=KmhD8BmEFIo
https://www.youtube.com/watch?v=OV0PK-vMcGg

DO IT YOURSELF
1.

Fill in the blanks with appropriate words:
(i)

The process of oxidation involves ....................... of oxygen.

(ii)

The process involving gain of electrons is called .................

(iii) A substance that ............. electrons is known as oxidising agent.
(iv) A reducing agent itself gets ............... during the reaction.
(v)
2.

A ............ reaction can be written as two half reactions.

In the reaction:
Fe(s) + CuSO4(aq)

Cu(s) + FeSO4(aq)

identify the species
(i)

which is oxidized.

(ii)

which is reduced.

(iii) which acts as reducing agent.
3.

In terms of electrons, oxidation involves:
(a)

gain of electrons
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(b)

loss of electrons

(c)

exchange of electrons

(d) conversion of a metal ion into the metal atom.
4.

In a reaction between zinc and iodine, zinc iodide is formed. What is being
oxidized?
(a)

Zinc ions

(b)

Iodide ions

(c)

Zinc atom

(d) Iodine
5.

Conversion of PbSO4 into PbS is(a)

reduction reaction

(b)

neutralization reaction

(c)

oxidation reaction

(d) dissociation reaction
6.

Which of the following is a redox reaction?
(a)

reaction between NaOH and H2SO4

(b)

O3 from O2 by lightening in atmosphere

(c)

Nitrogen oxides from nitrogen and oxygen by lightening in atmosphere.

(d) Evaporation of water
7.

The number of electrons lost or gained during the reaction:
3Fe + 4 H2O
(a)

2

(b)

4

(c)

6

Fe3O4 + 4H2

(d) 8

183

8.

In the following equation:
3Br2 + 6CO3 2– + 3H2O

5Br– + BrO3 – + 6HCO3

(a)

Bromine is oxidized and carbonate is reduced

(b)

Bromine is reduced and carbonate is oxidized

(c)

Bromine is neither reduced nor oxidized

(d) Bromine is reduced as well as oxidized

ANSWERS
1.

2.

(i)

gain

(ii)

reduction

(iii) loses

(iv)

oxidized

(v)

Redox

(i)

Fe(s)

(ii)

Cu2+(aq)

(iii) Fe(s)
3.

(b)

4.

(c)

5.

(a)

6.

(c)

7.

(d)

8.

(d)
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ELECTROCHEMISTRY
Dear Reader
You know that electricity is one of the various forms of energy and is considered as
flow of electrons in one direction. When electricity is passed through the chemical
substances, some changes occur. On the other hand, electricity may be produced during
some chemical reactions. All such changes or reactions are studied under
electrochemistry.
We have discussed that all redox processes involve gain or loss of electrons. Consider
the following redox reaction.
Zn(s) + CuSO4(aq)

Cu(s) + ZnSO4(aq)

Here sulphate ions do not participate in the reaction and the ionic reaction may be
written as
Zn(s) + Cu2+(aq)

Cu(s) + Zn2+(aq)

We observe that in this reaction Zn(s) is oxidised to Zn2+(aq) by losing two electrons
and Cu2+(aq) ions are reduced to Cu(s) by gaining these two electrons. Thus , during
this reaction , there is a net transfer of two electrons from a zinc atom to a copper ion.
This reaction can be carried out in a beaker in which a solution of copper sulphate is
taken and a strip of metallic zinc is dipped as shown below.

Zn s

Cu 2 aq

Zn 2 aq
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Cu s

This reaction can be written in two halves as given below.

We observe that in this reaction there is a movement of electrons from zinc metal to
copper ions by direct contact. If somehow this movement of electrons can be made
through a wire , this would be generation of electricity. This can be achieved by the
following type of setup where a rod of zinc metal is dipped in zinc sulphate solution
and a rod of copper metal is dipped in copper sulphate solution in separate beakers.

In this way the electrons lost by zinc atoms must travel through the wire to the copper
rod where they are transferred to copper ions which are reduced to copper atoms. Such
a device is called electrochemical cell and the two portions where half of the redox
reaction occurs are known as electrodes . However electrical contact between the two
half cells is established with the help of a salt bridge containing KCl.
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These electrodes are given the names as anode or cathode and are represented with + or
sign on the basis of half cell reaction that occurs on them. The electrode where
oxidation process occurs is called anode and the electrode where process of reduction
occurs is called cathode. As in the above cell, the zinc metal loses two electrons means
this electrode involves the process of oxidation so this acts as anode. These electrons
are taken up by copper ions and they get reduced so the process of reduction is
occurring at copper electrode , hence it acts as cathode. The zinc electrode is given the
negative polarity as electrons are moving away from it and the copper electrode is
assigned the positive polarity as the electrons are moving towards it.
There are another type of cells possible , where electricity is used up and some chemical
reaction occurs. Such type of cells are called electrolytic cells. Let us consider the
example, when electricity is passed through molten sodium chloride by dipping two
inert electrodes as shown below.

The electrode which is connected to the (+)ve terminal of the battery acquires positive
charge so the negative ions (chloride ions) move towards this electrode. Here they lose
electrons , the process of oxidation occurs hence this electrode is called anode . The
other electrode which is connected to the ( )ve terminal of the battery, so positive ions
(sodiumions) move towards this electrode. Here they get electrons and are converted
into sodium metal and the process of reduction occurs, hence this electrode is called
cathode. The half cell reactions occurring at two electrodes may be written as follows:
Na +(l) + e-

Na(s)
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2 Cl- (l)

Cl2 (g) + 2 e-

Note carefully that in the electrochemical cells and the electrolytic cells , the electrodes
have been assigned opposite charges. In an electrochemical cell anode is ( )vely
charged whereas in electrolytic cell it is (+)vely charged. There is no error in this.
Actually electrodes are given the names on the basis of process which occurs at that
electrode whereas the charge depends upon the deficiency or excess of electrons on a
particular electrode.
You will study different types of cells and batteries in class XII.

SUGGESTED VIDEO LINKS
http://learn.mindset.co.za/resources/physical-sciences/grade12/electrochemical-reactions/02-types-electrochemical-cells
http://learn.mindset.co.za/resources/physical-sciences/grade12/electrochemical-reactions/08-electrolytic-cells
http://www.learnerstv.com/video/Free-video-Lecture-9216-Chemistry.htm
http://www.learnerstv.com/video/Free-video-Lecture-9217-Chemistry.htm

DO IT YOURSELF
1.

Fill in the blanks with appropriate words:
(i)

The reaction that occurs at anode is ...............

(ii)

The ............. is assigned the negative charge in an electrolytic cell.

(iii) The charge on cathode in an electrochemical cell is ................
(iv) In an electrochemical cell, the electrons move from ......... to...........
(v)
2.

Electrochemical cells are used to convert chemical energy into ........... energy.

Which species undergoes oxidation at anode in an electrochemical cell with the
following reaction?
Zn(s) + CuSO4(aq)

Cu(s) + ZnSO4(aq)
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3.

Which of the following lose charge at cathode?
(a)

ions

(b)

anions

(c)

cations

(d) both cations and anions.
4.

During electrolysis of molten NaOH, which of the following ions move towards
anode?
(a)

Na+

(b)

OH-

(c)

H+

(d) Both, Na+ and H+
5.

The reaction at cathode during the electrolysis molten NaCl is (a)

Cl-

Cl

(b)

Cl

Cl-

(c)

Na

Na+

(d) Na+
6.

Na

In the electrolysis of CuSO4, the reaction:
Cu2+ + 2e-

Cu occurs at -

(a)

Anode

(b)

Cathode

(c)

In solution

(d) In salt bridge
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7.

The reactions which occur at anode and cathode in an electrochemical cell are
respectively:
(a)

oxidation, reduction

(b)

reduction, oxidation

(c)

reduction, cation exchange

(d) anion exchange, oxidation
8.

In an electrochemical cell energy changes as:
(a)

chemical energy into electrical energy

(b)

electrical energy into chemical energy

(c)

potential energy into kinetic energy

(d) internal energy into electrical energy

ANSWERS
1.

(i)

oxidation

(iii) positive
(v)

(ii)

cathode

(iv)

anode, cathode

electrical

2.

Zn(s)

3.

(c)

4.

(b)

5.

(d)

6.

(b)

7.

(a)

8.

(a)
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HOW LIFE BEGINS?
Dear Reader
You see a diverse variety of living forms around you. An estimated 10 to 14 million
species are found on earth, of which only 1.2 million have been documented and over
86% are yet to be described. Have you ever wondered how this diverse array of life
forms originated? The origin of life is a scientific problem which is not yet fully solved.
Plenty of ideas have been given by different scientists regarding origin and evolution of
life; in this chapter we will share a few of them.
This information will further help you to understand the first Unit - Diversity of Living
Organisms, particularly the basis of classification of animals which you will study in
Chapter 4 - The Animal Kingdom in Class XI and Chapter 7 - Evolution (Unit VII) in
Class XII.

Origin of Life
The beginning of the story of origin of life is not recent. It dates back to billions of years.
The story of origin of life is a conjectured but interesting story. It is believed that earth
was formed around 4.5 billion years ago, and life appeared on the earth around 3.5
billion years ago. The atmospheric conditions on the earth at that time were quite
different from the present day conditions. The chemicals from which life is thought to
have formed on sea coast are:
Hydrogen(H2)
Methane (CH4),
Ammonia (NH3),
Water (H2O) and
Carbon dioxide (CO2) or carbon mono oxide (CO)
Molecular oxygen (O2) and ozone (O3) were either rare or absent.
There were three main stages in origin of life from chemicals:
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Stage 1: The origin of monomers or molecules of low molecular weight
Stage 2: Formation of polymers by joining of monomers
Stage 3: Evolution of cells from monomers and polymers
Video link: https://www.youtube.com/watch?v=1prZPo4OCL0

Ontogeny and Phylogeny
Present day organisms such as fishes, amphibians, reptiles, birds and mammals belong
to diverse groups. Do you notice any fundamental similarity in them? Let us do an
activity to understand the basis of this similarity.

Try to recollect the class to which following animals belong and
fill in the blanks:
Fish: _______________.

Salamander: _________.

Tortoise: ___________.

Chick: ________________.

Hog (Pig): ______________.

Calf: _________________.

Rabbit: ________________. Human: __________.

Compare your answers with the answers given below:

Fish: Pisces.

Salamander: Amphibia.

Tortoise: Reptilia.

Chick: Aves.
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Activity:
The figure given below shows two different stages of embryonic development of eight
chordate animals. Observe and compare the embryos of these animals at both the stages
and then try to identify the animal whose embryo has been drawn at number 1 to 8 out of
the names given below: Hog, Calf, Rabbit, Fish, Salamander, Tortoise, Chick and Human

Figure 1: Stages in the embryonic development of chordate animals

Do you notice the similarity in the early embryonic development of all chordates
irrespective of the class to which they belong?
What conclusions can you draw from your observations?
Now look at the figure given below to verify your answer.

Figure 2: Stages in the embryonic development of chordate animals
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Haeckel observed that if early stages of embryonic development of some chordate
animals such as fish, salamander, tortoise, chick, rabbit and human are observed they
look very similar.
On the basis of his observations, in 1866 Ernst Haeckel proposed that the embryonic
development of an individual organism (its ontogeny) follows the same path as the
evolutionary history of the species (its phylogeny). It is also called the biogenetic law or
recapitulation theory which states that ontogeny recapitulates phylogeny.
This theory states that before the organisms are born, they pass through developmental
stages that look like developmental stages of animals of their ancestral species, in
roughly the same order in which they were formed during evolution. Thus, similarity in
embryonic development of chordates points towards their evolution from a common
ancestor.

Embryonic Development in Animals
You have learnt about the origin and evolution of life on earth, now let’s talk about how
life begins in an organism. All organisms begin their life from a single celled stage. In
higher organisms, i.e. both plants and animals, this stage is a zygote which is formed by
fertilisation of a male and a female gamete. The zygote then undergoes embryonic
development or embryogenesis by cell division and cell differentiation to form a baby
organism. You have read in Class X that the process of embryogenesis is different in
plants and animals.
Let us now focus on embryogenesis in animals as this will help you to understand the
basis for classification of animals.
A.

Formation of Morula
In many species of animals particularly the vertebrates, the zygote undergoes a
special type of equational cell division called cleavage. Each cleavage division
produces two daughter cells. At least four initial cell divisions take place resulting
in the formation of a dense ball of cells, having sixteen cells. This solid ball of cells
appears like mulberry and is hence called morula (Latin, morus: mulberry).
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Figure 3: First stages of division of mammalian embryo

a. Two-cell stage. b. Four-cell stage. c. Eight-cell stage. d, e. Morula stage.

For growth and repair, cells divide by an equational cell division
called mitosis, whereas, a zygote for embryonic development
undergoes a special type of cell division called cleavage. Let us try to
find how is mitosis different from cleavage?
In mitosis, the cell division is followed by growth so the daughter
cells will finally have the same size as the parent cell.
Cleavage, results in increase in the number of cells
without increasing the mass
as there is no significant growth.

B.

Formation of Blastula
After the 6th/7th cleavage has produced 64/128 cells, the embryo is called
blastula. The blastula is usually a spherical layer of cells (the blastoderm)
surrounding a fluid-filled or yolk-filled cavity (the blastocoel).
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Figure 4: Formation of blastula (B) from morula(A)

In mammals, the cells of the morula are at first closely aggregated, but soon they
become arranged into an outer or peripheral layer, the trophoblast and an inner
cell mass. In mammals, blastula at this stage is also called as blastocyst. Each cell
of the morula and blastula is called blastomere.
Trophoblast does not contribute to the formation of the embryo proper. It plays an
important part in the formation of ectoderm, implantation of blastocyst in the
endometrium of uterus and development of the placenta. The inner cell mass
develops into embryo. Fluid collects between the trophoblast and the greater part
of the inner cell-mass, and thus the morula is converted into a vesicle, called the
blastocyst.

Figure 5: A human blastocyst
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C.

Formation of Gastrula
The single-layered blastula now undergoes gastrulation. During gastrulation,
blastula enlarges and folds inward as its cells migrate to the interior of the blastula.
This results in the formation of two or three layers of cells called the germ layers.
Each germ layer gives rise to specific tissues and organs in the developing
embryo. Depending upon whether the blastula organises into two germ layers or
three germ layers, the animals are classified as diploblastic (having two germ
layers) and triploblastic (having three germ layers). The embryo during this stage
is called a gastrula.

Figure 6: Diagrammatic representation of gastrulation in animals

Figure 7: Diagrammatic representation of gastrulation in animals
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In triploblastic animals, the germ layers are referred to as: the ectoderm
(outer), mesoderm (middle) and endoderm (inner). In diploblastic animals two
germ layers-ectoderm and endoderm are present. These have gelatinous noncellular mesoglea present between ectoderm and endoderm. You will learn more
about this concept in Chapter 4: Animal Kingdom in Class XI.

Figure 8: Gastrula showing germinal layers in diploblastic and triploblastic animals

DO IT YOURSELF
1.

Try to develop a glossary using the following terms:
a)

Biogenetic law

b)

Cleavage

c)

Morula

d)

Blastula

e)

Gastrula

f)

Germ layers

2.

What was the composition of early atmosphere of earth at the time of origin of life?

3.

Differentiate between cleavage and mitosis.
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4.

Differentiate between diploblastic animals and triploblastic animals.

5.

Complete the given flow chart that shows various stages of embryonic
development in humans:

Zygote

................

Blastula

.................

REFERENCES
https://www.google.co.in/webhp?sourceid=chromeinstant&ion=1&espv=2&ie=UTF-8#q=embryonic%20development
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CELL DIVISION - AN INTRODUCTION
Dear Reader
In the previous chapter you have read about the diversity in the living world. One of
the fundamental feature of all living organisms is reproduction. Reproduction as you
are aware is the process by which parents can produce young ones of the similar kind.
You are also familiar with asexual and sexual reproduction. Try to recall the differences
between the two.
Asexual Reproduction- only single parent is involved and
genetically identical copies are produced.
Sexual Reproduction- requires fertilization of male and
female gametes; results in variation.
Let us try to recall your early childhood (or of some other child you know). What is the
approximate height of a child who is:
just born
one-month old
one-year old
five-year old
ten-year old?
Compare it with your present height. I am sure you agree that there is an increase in
height at each stage as compared to the previous one.
You might have noticed increase in height of a plant as it grows from a seedling into an
adult plant.
Growth is another fundamental feature of all living organisms.
Did you ever try to find out the mechanism of growth in living organisms? Is growth
the result of an increase in cell size or an increase in cell number?
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One of the changes that is associated with the growth of an organism is increase in the
number of cells. How do cells increase in number?
Cells divide to increase their numbers. Try to recall the process of binary fission in
Amoeba and budding in yeast. You are also aware about the fact that higher plants and
animals cannot divide by binary fission and budding.
Cell division is the key phenomenon for both growth and reproduction. Cell division in
higher organisms is mainly of two types: mitosis and meiosis. Mitosis is an equational
division and meiosis is a reductional division. In this chapter we will study some basic
concepts related with these two types of cell division.

Chromosomes
In eukaryotes, the nucleus of all cells contains thread - like structures called
chromosomes. Each chromosome is further made up of helically coiled DNA. DNA is
the hereditary material in all organisms except some viruses. During cell division, DNA
is transmitted from parent cells to the daughter cells, thus DNA is the unit of
inheritance. You will learn more about the structure of chromosome in Chapter 8- Cell:
The Unit of Life in class XI.

Figure 1: Relationship between Nuclear, Chromosomes, DNA and Genes
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Haploid and Diploid Cells
Try to recall the number of chromosomes in human sperm and ovum.
The number of sets of chromosomes in a cell is called its ploidy. A cell with one set of
chromosomes is called haploid (n), whereas a cell with two sets of chromosomes is
called diploid (2n). Gametes such as sperm and ovum have only one set of
chromosomes, so they are haploid (n). Somatic cells have two sets of chromosomes, so
they are diploid (2n).

sperm (male
gamete)

Haploid(n)
ovum (female
gamete)

Ploidy
Diploid(2n)

somatic cells

Figure 2: Ploidy of cells
Video

link:

http://www.britannica.com/science/diploid-phase/images-videos/The-terms-

haploid-and-diploid-refer-to-the-number-of/68422

Let us know more about somatic cells and gametes present in higher animals.

Somatic Cells and Reproductive Cells
Somatic cells or vegetal cells make up all tissues and organs of the body such as skin,
stomach, intestine, lungs, bones and blood. In a multicellular organism, any cell other
than gametes, germ cells or stem cells is a somatic cell. Somatic cells are diploid and
divide by mitosis or equational division to form more somatic cells which are also
diploid. What is the number of chromosomes in human somatic cells?
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Stem cells (2n) are undifferentiated cells normally present in the bone marrow of an
adult. These cells divide by mitosis to form more cells of the same type from which
some cells can differentiate into specialised cells.
In animals, the egg cell and sperms are the gametes. They are also called reproductive
cells, as they participate in the process of sexual reproduction. Each mature
reproductive cell is haploid. Haploid gametes are formed from diploid germ cells by a
type of cell division called meiosis or reductional division.

Gametes: Haploid
cells (n)

Human egg
cell(n=23)

Human sperm cell(n=23)

Somatic cells: Diploid (2n)
Chromosome number in somatic
cells of human being is
2n = 2 x 23 = 46

Here we have taken the example of animals particularly humans to understand the
basics of cell division, the process is similar in plants also. In higher plants, meristematic
cells divide by mitosis to form simple and complex permanent tissues. Microspore
mother cells in the anther and megaspore mother cell present in the ovule of a flower
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divide by meiosis to form haploid microspore and megaspore, respectively. Further
development inside the microspores and megaspore leads to formation of male &
female gametes respectively.

Homologous Chromosomes

Figure 3: Fertilisation of a haploid male and a female gamete helps to restore diploidy in the zygote

When a haploid sperm (n) fertilises with a haploid ovum(n), it results in the formation
of a diploid zygote(2n). The zygote thus receives one set of paternal(n) and one set of
maternal chromosomes(n). These chromosomes are similar but not truly identical. Thus,
for each paternal chromosome there is a homolog or similar maternal chromosome.
Each of such a pair of similar chromosomes is called homologous chromosome. Each
chromosome of a homologous pair carries same genes in the same order although their
expression may vary. You will study in Chapter 10- Cell Cycle and Cell Division in class
XI that in germ cells, homologous chromosomes pair up at the time of meiotic cell
division.
Zygote undergoes a special type of mitotic cell division resulting in the formation of
diploid daughter cells. Try to recall the term used for this type of cell division from
chapter 1 - How life begins?

205

Mitosis and Meiosis
Each human somatic cell contains 23 pairs of chromosomes (2n) whereas each gamete in
humans contains only 23 chromosomes (n).

Try to analyse the fact that although “all the cells in
an organism are formed from the same zygote
but still the somatic cells and gametes vary in
the number of the sets of chromosomes
possessed by them”.

Actually, it happens because of the two different types of cell division taking place in
them.
Somatic cells(2n) divide by the process of mitosis. Mitosis generally takes place when
plants and animals need to make more cells for growth and repair. Mitosis is an
equational division, resulting in the formation of two daughter cells(2n) which are
genetically identical to the parent cell. The chromosome number in each daughter cell is
equal to the number of chromosomes in the parent cell (2n).The daughter cells grow
and behave as parent cell and enter another round of equational cell division and the
process continues as the organism continues to grow.
Thus, a human somatic cell (2n = 2 x 23) will divide to produce two daughter cells each
having 23 pairs of chromosomes.
Video link for mitosis - https://www.youtube.com/watch?v=DwAFZb8juMQ
Diploid (2n) germ cells (also known as meiocytes)present in the testes of a male and
ovary of a female animal divide by the process of meiosis to form haploid male and
female gamete respectively (n).For example, in humans, germ cells in the testes of a
male and germ cells in ovary of a female, each having 23 pairs of chromosomes will
divide by meiosis to form sperm and ovum respectively, each having only 23
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chromosomes respectively (n). Thus, meiosis is a reductional division. It has two main
phases - Meiosis I and II. Meiosis also introduces variations in the next generation.
Reductional division during gametogenesis is essential to restore diploid chromosome
number in the next generation.
What will happen if sperm and ovum are also diploid?
Video link – meiosis- https://www.youtube.com/watch?v=nMEyeKQClqI,
https://www.youtube.com/watch?v=D1_-mQS_FZ0
Video link - mitosis vs. meiosis - https://www.youtube.com/watch?v=Ba9LXKH2ztU

Do you know that chromosome number
is constant for a species?
The number of chromosomes does not correlate with the apparent
complexity of an organism.
Chromosome number (2n) in some common organismsHuman (Homo sapiens) = 46, Gorilla gorilla= 48,
Pea (Pisum sativum) = 14, Onion (Allium cepa) = 16

Types of
cells
Somatic
cell (2n)

Somatic
cell(2n)

Germ
cell(2n)

Mitosis

Somatic
cell (2n)

Gamete
(n)

Gamete
(n)

Meiosis

Gamete
(n)

Gamete
(n)

You will study the details of mitosis and meiosis in Chapter 10 - Cell cycle and Cell
Division in Class XI.
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DO IT YOURSELF
1.

2.

3.

Identify the ploidy of the following cells:
a.

Zygote: _________

b.

Intestinal cells: ________

c.

Pollen mother cells: _______

d.

Ovum: ____________

Which type of cell division will take place in the following cells:
a.

Pollen mother cells: ____________

b.

Skin cells: ____________________

c.

Megaspore mother cells: ____________

d.

Meristematic cells: ____________

Write the chromosome number in the following cells:
S.
No.

Name of organism

Chromosome
number in meiocyte

Chromosome
number in gamete

A.

Onion (Allium cepa)

16

………..

B.

Human being (Homo
sapiens)

46

………..

C.

Fruitfly (Drosophila
melanogaster)

………..

4

D.

Rice (Oryza sativa)

………..

12

REFERENCES
http://evolution.about.com/od/Overview/a/Asexual-Vs-SexualReproduction.htm
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INTRODUCTION TO HEREDITY AND VARIATION
Dear Reader
You are aware that nucleus of each cell contains thread - like structures called
chromosomes. Each chromosome is further made up of helically coiled DNA. DNA is
the hereditary material in higher organisms. You will learn about the structure of DNA
in Class XI and XII. (Refer page 208, figure 1)
A gene is a small segment of DNA that codes for a functional RNA or a protein product.
A gene is thus the unit of inheritance that determines the transmission of a trait from
parents to offspring.
Now you will wonder about the term trait. Genetically determined characteristics in
living organisms are called traits. Shape of the seeds, colour of flower or height of plant
in a pea plant are some examples of traits. Eye colour and skin colour in human beings
are some more examples of traits.
A trait can have more than one expression in different organisms. For example, the
shape of seeds in pea plant can be round in some plants but wrinkled in others.
Similarly, the colour of a flower can be purple or white and the height of a pea plant can
be long or short. These different expressions of a trait are controlled by the variant
forms of the same gene located on the same position or locus on a pair of homologous
chromosomes. A variant or alternative form of a gene present on the same locus on a set
of homologous chromosomes is called allele.

Figure 1: Relationship between alleles and genes

209

In higher organisms, chromosomes occur in pairs (recall diploid cells). Thus, in all
diploid cells, each gene has two alternative expressions or alleles – one on each
chromosome in the pair of homologous chromosomes. Since one member of a
homologous pair of chromosome is inherited from one parent and the other from the
other parent so an organism inherits one allele of each pair from the mother and the
other allele from the father.
Both the alleles of a gene on a pair of homologous chromosome can be identical or
different. When both the alleles of a gene controlling inheritance of a trait are identical,
the organism is called homozygous. For example, in a pea plant when each
chromosome of a pair of homologous chromosomes has the allele for purple flower (P),
such an organism is said to be homozygous (PP) for this trait. Another example is
presence of allele for tall height (T) on both the chromosomes of a pair of homologous
chromosome, TT.

Figure 2: Homozygous and heterozygous alleles on a pair of homologous chromosomes

If two alleles for a gene (controlling the inheritance of a trait) on a pair of homologous
chromosomes are different, then the organism is said to be hybrid or heterozygous. For
example, in a pea plant when one chromosome of a pair of homologous chromosome
has the allele for purple flower(P) and the other chromosome has the allele for white
flower (p), such a plant is called hybrid or heterozygous (Pp). Now the obvious
question that comes to the mind is what will be the colour of flowers in a hybrid(Pp)
pea plant: purple or white?
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Video link - https://www.youtube.com/watch?v=tHwiIVhU3LA
Let us try to recollect Mendel’s experiment. When Mendel crossed homozygous pea
plants with purple flowers (PP) with homozygous pea plants with white flowers (pp),
he was able to get all plants in F1 generation with purple flowers. On doing selfpollination in F1 plants, he was able to obtain purple and white flowers in the ratio of
3:1 respectively. In order to understand this,let us study the genotype and phenotype of
organisms in the following cross.
Genotype is the set of genes in the DNA of an organism responsible for a particular
trait.
Phenotype is the physical expression or the characteristics of the trait.
In this cross, allele for purple flower has been expressed as P and for white colour of
flower has been expressed as p. Both P and p are thus two alleles for the gene of flower
colour. The genotype of purple flower in the parent is PP (homozygous). Similarly, the
other parent with white flowers (phenotype)has both the identical alleles pp (genotype),
so it is homozygous for alleles for white flower colour.

Figure 3: Mendel’s monohybrid cross showing inheritance of flower colour in Pea plant, Pisum sativum

The genotype of F1 purple flowers is Pp, so it is hybrid or heterozygous as it has one
allele (P) for purple colour whereas the other allele(p) is for white colour. Did you
notice that in spite of presence of gene for white colour in hybrid condition it has not
been able to express itself?
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Similarly, in F2 generation, the plant with homozygous genotype for allele P (PP)as well
as the plant with heterozygous genotype (Pp)have same phenotypic expression i.e.
purple. Thus, in heterozygous condition (Pp), one allele (here P) masks or hides the
expression of the other allele (in this case p).
The allele that is able to express itself in a heterozygous condition is said to be
dominant and the allele whose expression is masked in heterozygous condition but can
express only in homozygous condition is called recessive. Here, allele for purple flower
colour(P) is dominant over the allele for white flower colour(p) in pea plant.
Video link- Dominant and recessive alleles
https://www.youtube.com/watch?v=tHwiIVhU3LA
https://www.youtube.com/watch?v=bjkB5cqXdlY
https://www.youtube.com/watch?v=Zf2hnFhyJFI
Let us do an activity on the concept of dominant and recessive alleles.

Activity
Study the Figure given below and try to find out the dominant and recessive alleles for
all the seven pairs of contrasting traits studied by Mendel in pea plant Pisum sativum.

Figure 4: Inheritance of seven pairs of traits studied by Mendel
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(Clue: Look at the phenotype in F1 generation)
Here, the example of inheritance of a single trait is being considered, in each
experiment. The breeding experiment involving inheritance of only single trait from
parents to next generation is called a mono-hybrid cross, for example, inheritance of
shape of seeds in pea plant.
The breeding experiment involving the inheritance of two traits simultaneously is called
a di-hybrid cross, for example, inheritance of shape and colour of seeds in a pea plant.
You will learn more about such crosses in Chapter 5- Principles of Inheritance and
Variation in Class XII.

DO IT YOURSELF
1.

2.

Differentiate between the following terms with the help of examples:
a

Gene and allele

b

Homozygous and heterozygous

c

Dominant and recessive

d

Monohybrid cross and di-hybrid cross

A homozygous tall pea plant is crossed with a homozygous short pea plant. What
proportion of phenotype in F2 generation can be expected to be tall?

3.

What will be the percentage of homozygous and heterozygous offspring in F2
generation in a typical monohybrid cross?

4.

Write the genotypic and phenotypic ratio in F2 generation in a typical monohybrid
cross showing the inheritance of height in a pea plant.

5.

On self- pollination, in purple flowered hybrids of a pea plant, the offspring
produced 450 purple and 150 white flowers. Write the genotype and phenotype of
all possible offspring in F1 generation.
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BIOMOLECULES
Dear Reader
In the previous chapter you have read about DNA present in the chromosomes. It is one
of the many organic chemical compounds present in all living organisms. The organic
compounds involved in the metabolic processes of living organisms are called
biomolecules or biological molecules. These are primarily made up of elements
carbon, hydrogen, oxygen and nitrogen.
Try to recall life processes such as photosynthesis, digestion and respiration. Prepare a
list of biomolecules synthesised during photosynthesis or broken down during
digestion and respiration and complete the following table.
Biomolecules
present in:
Raw material

Product

Photosynthesis

Digestion

CO2 and H2O

……….……, proteins

(inorganic
molecules)

and ……………….

……………………... Glucose,
….…………., fatty
acids and glycerol,

Respiration

………………….

CO2 and H2O
(inorganic
molecules)

respectively.
Thus, you see a variety of biomolecules present in all living organisms which may be
small or large. The four major classes of large or macro-biomolecules are carbohydrates,
proteins, fats and nucleic acids. There are some other biomolecules too which may be
small - primary metabolites, secondary metabolites or natural products about which
you will study in Chapter - 9, Biomolecules in class XI. This chapter, will introduce you
with some of the major biomolecules.
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Four main types of macromolecules
Macromolecules

Carbohydrates

Proteins

Fats

Nucleic acids

Video link – Introduction- https://www.youtube.com/watch?v=YO244P1e9QM
Biomolecules (Details ) -- https://www.youtube.com/watch?v=f4Gicf7ONGA

Functional groups
Try to recall the functional groups such as aldehyde, ketone, hydroxyl group and
carboxylic acids that you have read in Chapter 4 - Carbon and its compounds, in class X
Science. This information will help you to understand the structure and composition of
biomolecules.
Chemical class

Functional Group

Formula

Alcohol

Hydroxyl

ROH

Aldehyde

Aldehyde

RCHO

Ketone

Carbonyl

RCOR’

Carboxylic acid

Carboxyl

RCOOH

Ester

Ester

RCOOR’

Amines

Primary amine

RNH2

Phosphate

Phosphate

ROP(=O)(OH2)
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Structural Formula

Carbohydrates- the source of energy
Try to recall the molecule that is synthesised by the process of photosynthesis in green
plants. Relate it with the molecule that is oxidised in cells of all living organisms to
provide energy. Both of them are carbohydrates. Carbohydrates are the main source of
energy in all living organisms.

Figure 1: Grain products- rich sources of carbohydrates

Carbohydrates are also known as saccharides. These are aldehyde or ketone derivatives
of polyhydroxy alcohols. On the basis of number of sugar molecules present,
carbohydrates are classified into three main categories.
Carbohydrates

Monosaccharides (One
sugar molecule, sweet to
taste, soluble in water at
room temperature. e.g.
Glucose, Fructose.)

Disaccharides
(contain two sugar
molecules, sweet to taste
and soluble in water at
room temperature. e.g.
Sucrose, Lactose)

Polysaccharides
(contain many sugar
molecules, tasteless and
insoluble in water at room
temperature. e.g. Starch,
Glycogen and Cellulose)

Monosaccharides have general formula: CnH2nOn. Most common monosaccharide in
living organisms is glucose. Fructose or fruit sugar is also a monosaccharide. Both have
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same molecular formula C6H12O6, but different structural formula. Glucose has an
aldehyde group at carbon 1, whereas fructose has ketone as the functional group at
carbon 2. On the basis of functional group present, monosaccharides can be aldoses or
ketoses.
Aldoses

Ketoses

Functional group: Aldehyde

Functional group: Ketone

D- Fructose

D- Glucose

C6H12 O6

C6H12 O6

Now, let us learn about other types of common carbohydrates present in living
organisms.
Do you know that sucrose (common sugar) that you dissolve in the milk and
lactose which is naturally present in milk are disaccharides? Both have the
molecular formula C12H22O11. A sucrose molecule is made up of a glucose and a
fructose molecule joined together by a glycosidic bond. Find out the constituents
of lactose.
Try to recall the nutrient stored in potato, wheat and rice. Starch, a storage
polysaccharide in plants, is also a carbohydrate. It is formed by large number of
glucose molecules joined together by glycosidic bonds. In which form is the
food stored in the liver of animals?
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You will learn more about carbohydrates in Chapter 9, Biomolecules, in class XI.
As you are aware that one of the important characteristic of all living organisms is
growth. Try to recall the name of biomolecule which helps them in growth and
development.

Proteins - the building blocks of life
Besides grains, pulses and milk are also important components of our diet. Why?
Pulses, milk, egg white and fish are all rich in proteins.
Proteins play a very important role in the body of living organisms. These help in
growth, development and repair of damaged cells of the body. All enzymes and some
hormones are also proteinaceous in nature. Look at Figure 3 to learn some more
functions of proteins.
What is the chemical composition of proteins? Proteins are made of long chains of
amino acids. Now, you must be wondering, what are amino acids? Amino acids are
organic compounds containing at least one carboxyl (-COOH) and one amino group
(-NH2). Only 20 amino acids are present in living organisms. Just like 26 alphabets make
infinite number of words in English language, these 20 amino acids by different
combinations form infinite number of proteins that are present in living organisms.
Glycine is the simplest amino acid. (Figure 2).

(a)

(b)

Figure 2: (a) General formula of amino acids (b) glycine
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Figure 3: Functions of Proteins

As you will study more about the functions of proteins you will understand why
protein deficiency in humans causes stunted growth and other deficiency diseases. It is
for this reason that growing children and lactating mothers need to be given protein
rich diet.

Lipids
Besides proteins, our diet also includes some oil. Try to recall some sources of edible
oils. How is butter different from oils? Generally speaking, oils and fats have similar
chemical composition. These are esters of fatty acids and an alcohol called glycerol
(commonly known as glycerine). These belong to the category of biomolecules called
Lipids. Lipids obtained from plants are called oils and lipids derived from animal
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sources are generally called fats. Oils are generally liquid and fats are semi-solid or
solid at room temperature; this is because of the unsaturated and saturated fatty acids
which constitute them, respectively. Some amount of lipids is also essential for a
balanced diet.
Lipids are important constituents of cell membranes, along with the proteins. They form
bilayers in cell membrane. (Figure 4)

Figure 4: Fluid mosaic model of plasma membrane

Lipids are a group of naturally occurring molecules like fats, waxes and sterols. These
are generally insoluble in water and soluble in nonpolar organic solvents like alcohol.
Fatty acids
Fats
Glycerol
Lipids

Sterols (having 4
rings of C atoms)
e.g. cholesterol
Fatty acids
Waxes
Long chain alcohols
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Both fats and waxes are esters of fatty acids and an alcohol. The alcohol in fats is
glycerol whereas in waxes it is a long chain alcohol. The bee wax synthesised by honey
bee in honey comb mainly consists of esters of fatty acids and various long chain
alcohols.
Now let us have some idea about the chemical composition of the molecule that is the
hereditary material in all living organisms.

Nucleic acids- the hereditary material
Recall that DNA is the hereditary material in all living organisms except some viruses
such as HIV and Tobacco mosaic virus (TMV). RNA is the hereditary material in these
viruses.
Deoxyribonucleic acid (DNA) and Ribonucleic acid (RNA) belong to a category of
molecules called nucleic acids. Nucleic acids are of two types – DNA and RNA. These
are made of long chains of repeating units called nucleotides. Each nucleotide consists
of a sugar, a nitrogenous base and phosphate group.

Nucleic
acids
RNA (Single
stranded)

DNA (Double
stranded)

Deoxyribose
sugar

Nitrogenous
Bases - A, G,
C and T

Ribose
sugar

Nitrogenous
bases - A, G,
C and U

You will learn more about nitrogenous bases and other biomolecules in Chapter 9,
Biomolecules, in Class XI. You will also learn in class XII, that DNA undergoes a
process called transcription to form RNA, in turn RNA undergoes translation to form
proteins. Thus, the type of proteins being formed in any organism are regulated by its
DNA.
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Figure 5: Transcription and translation

DO IT YOURSELF
1.

Identify the type of biomolecule present in the following:
a.

Cholesterol …………………………………..……

b.

Hereditary material in humans ……………………

c.

Nutrient stored in pulses ……………………………..

d.

Sugar added for making lemonade ………………..

e.

Bilayer in the cell membrane …………………………

2.

Fats and waxes differ with reference to which chemical constituent?

3.

The sugar present in DNA is ……………………………………., whereas in RNA
is…………………………………………

4.

The different functional groups attached to the second carbon in an amino acid are
---------------, ----------------, ------------------ and ------------------.

5.

Most common monosaccharide present in living organisms is………………........
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RESPIRATION
Dear Reader
Respiration is a life process that occurs in all living organisms. The energy required by
the unicellular or multicellular organism to do their work is obtained by break down
and utilisation of food. The energy is obtained by oxidation of glucose or other
nutrients. The energy molecule formed in the process is ATP.
Respiration may take place in microbes, plant or animals – either aerobically or
anaerobically.

Figure 1: Aerobic and Anaerobic Respiration

Complete the Table given below:
S. No.
1.

Aerobic Respiration

Anaerobic Respiration

38 ATPs

2ATPs

2.
3.

O2 is not required
Cytoplasm, Mitochondria

4.

Lactic Acid/ Ethanol, CO2

Respiration is a mechanical and biochemical process. It involves exchange of gases as
well as cellular respiration- in both plants and animals.
224

There are different kinds of nutrient molecules (respiratory substrates) that can be
oxidized to produce energy, e.g. glucose, proteins, fats and so on.

Equation of Respiration
C6H12O6 +6O2 ---Æ6CO2 + 6H2O + ATP
The above equation has been explained in the figure given below:

Figure 2: Generation of ATP from different Respiratory Substrates

NADH, FADH2 and CoA are organic molecules
NADH – Nicotinamide Adenine Dinucleotide (Reduced)
FADH2– Flavin Adenine Dinucleotide (Reduced)
CoA – Coenzyme A
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Figure 3: Diagrammatic Representation showing Sites and Processes of
Complete Oxidation of Glucose

DO IT YOURSELF
1.

State true or false:
a.

Glycolysis takes place in Yeast

b.

Glycolysis takes place in our muscles

c.

Lactic Acid can be formed in human body

d.

Aerobic Respiration takes place in the RBCs

2.

Make a Venn diagram to show common points between ‘Aerobic Respiration in
animal cell and Anaerobic Respiration in yeast.’

3.

Find out where and how Pyruvate changes into Acetyl CoA .

4.

A simple fermentation reaction is the basis of two major industries . Name these.

5.

Is Krebs Cycle a common pathway, for metabolism of the three main nutrients?
Explain.

6.

What is the number of ATPs formed duringa)

Glycolysis

b)

Lactic Acid fermentation
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PLANT ANATOMY
Dear Reader
You know that different systems of classification are based on morphology and
anatomy. The artificial system of classification is based on study of morphological
features, whereas, the natural system of classification is based on anatomical features as
well as other internal characters.
Though it is easy to recognise a given plant by studying its external features,
understanding the functional aspects is best facilitated by studying its internal
structure.
Cell is the structural and funtional unit of life. Several cells combine to form a tissue.
Different tissues combine to form the organs of plants, namely, flower, buds, stem, root,
leaf and so on.
Plant anatomy can be studied by cutting sections of different kinds of stems, roots,
leaves.
Morphology- Branch of Biology that generally deals with external structure of an
organism. (Figure 1)

Figure 1: Morphological Features of Dicot and Monocot Plant

Anatomy- Branch of Biology that deals with internal structure of an organism.
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Kinds of tissues present in a plant:- Meristematic and Permanent
Meristematic tissues have continuously dividing cells, with prominent nucleus, dense
cytoplasm, thin cell wall and no intercellular spaces or vacuoles. Good examples are
shot apex and root apex.
Kinds of Permanent Tissues:
Simple and Complex
Simple permanent tissue in flowering plants - parenchyma, collenchyma, sclerenchyma
Complex permanent tissue in flowering plants - xylem, phloem
Xylem comprises of vessels, tracheids, xylem fibres and xylem parenchyma
Phloem comprises of sieve tube elements, companion cells, phloem parenchyma and
phloem fibres

Activity 1
To observe carefully the diagrammatic and detailed structure of dicot stem given
below
To mark the specific tissue against the parts labelled in the diagram showing
detailed structure of dicot stem
To complete Table 2.1

Figure 2: T. S. of dicot stem
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TABLE 6.1
Parts of Dicot Stem

Tissue

Epidermis
Hypodermis
Endodermis

Parenchyma

Pericycle

Parenchyma

Medullary Rays

Parenchyma

Phloem

Complex Tissue

Cambium

Meristematic Tissue

Xylem
Pith

Activity 2
Observe the diagrams of Dicot and Monocot Stem given below and name(i)

the tissues common to both dicot and monocot stem

(ii)

the parts exclusively present in dicot stem

Figure 3: (a) Dicot Stem (b) Monocot Stem
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Activity 3
Observe the figures given below and complete the table that follows:

Figure 4: T.S. (a) Dicot root (Primary) : (b) Monocot root

TABLE 2.2

Epidermis
(Protective
Layer)

DICOT STEM
(Primary)

MONOCOT
STEM

DICOT ROOT
(Primary)

MONOCOT
ROOT

√

√

√

√

√

x

√

√

√

x

x

x

Hypodermis
Cortex
Ground Tissue
Endodermis
Pericycle
Bundle Sheath
Vascular
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Cambium
(divides to form
Xylem &
Phloem)
Xylem (conducts
water &
minerals)
Phloem
(conducts
prepared food)
Pith

√

√

√

√

Present

Small/Absent

Small/Absent

Present

DO IT YOURSELF
1.

Make Venn diagrams to compare the tissues present in
(i)

dicot and monocot root

(ii)

dicot and monocot stem

2.

Metaxylem is later formed xylem, it is bigger in size and with well developed
vessels. What is (i) Protoxylem (ii) Metaphloem

3.

Why is parenchyma categorized under simple tissues, and xylem under complex
tissues ?

4.

Draw a diagrammatic sketch of Dicot root.

5.

Describe the properties of the cells that constitute vascular cambium.

6.

Which tissue forms a barrier between the plant and the environment ? How thick
is this layer?
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ACTIVE AND PASSIVE TRANSPORT
Dear Reader
An organism or cell is said to be living as it shows different kinds of movements.
Movement can be at the molecular level too.
Movement of molecules, circulation of materials and translocation of water and
nutrients is governed by different means of transport, namely, active and passive.

Passive Transport
Movement of molecules along the concentration gradient, without expenditure of
energy. The process may or may not require membrane proteins.
Passive Transport includes:
Diffusion
Facilitated Diffusion
Osmosis
Ion Channels

Active Transport
Movement of molecules against the concentration gradient, with expenditure of energy.
The process involves membrane proteins.
Active Transport includes:
Sodium Potassium Pump
Proton Pump
Passive Transport
Diffusion- the movement of molecules, from a region of high concentration to a region
of low concentration e.g. diffusion of gases across the membrane in Amoeba, diffusion
of gases in plants.
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Figure 1: Diffusion

Osmosis- movement of water from a region of its high concentration to a region of its
low concentration, across a semi-permeable membrane, e.g. movement of water into the
cell, upon placing it in a hypotonic solution (endosmosis).

Semi-permeable Membrane

Figure 2: Osmosis
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Facilitated Diffusion- the movement of molecules, from a region of its high
concentration to a region of its low concentration, through membrane proteins, e,g.
movement of fructose across the membrane, via the membrane protein.
Ion Channels- Specific membrane proteins (ion channels) allow movement of particular
ions e.g. Na+ channels in nerve fibre, water channels.

IONS

Figure 3: Ion Channel

Active Transport
Sodium-Potassium Pump- a membrane protein that plays a role in transporting 3 Na+
outside and 2 K+ inside as in axon, while utilizing ATP.
https://sp.yimg.com/xj/th?id=OIP.Mf69dc0c6bdeb6cbb5fb11e057650443co0&pid=15.1
&P=0&w=288&h=163
Proton Pump- during photosynthesis, a proton gradient is established due to the
passage of protons into the thylakoid (of chloroplast) using proton pump
Absorption of digested products is carried out by both passive and active mechanisms
e.g. amino acids are initially absorbed by facilitated diffusion and then, also by active
transport when their concentration is low in the small intestine.
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Reabsorption by renal tubules of the kidney is either by active or passive mechanisms
e.g. glucose and Na+ are reabsorbed actively, whereas Urea is absorbed passively.

Passive Transport

Active Transport

Figure 4: Absorption and Reabsorption through Active and Passive Transport

DO IT YOURSELF
1.

Make a table to compare active and passive transport.

2.

(i)

What are K+ channels ?

(ii)

Aquaporins is the term used for denoting ---------------------- . (ion channels/
proton channels/ water channels)

3.

You are familiar with the term osmosis. What is reverse osmosis ? Do you have
any equipment at home that works on the principle of reverse osmosis ? Name it.

4.

Suggest an experiment that would demonstrate exosmosis.

5.

In the given diagram, several trans-membrane proteins are shown. Which kinds of
transport are possible across these proteins ?
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